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SPATIAL DISTRIBUTION OF GALAXIES —ANALYSIS OF THE THEORY 
OF FLUCTUATIONS* 


By Jerzy NEYMAN AND ELizaBetu L. Scorr 
STATISTICAL LABORATORY, UNIVERSITY OF CALIFORNIA, BERKELEY 
Communicated by Otto Struve, August 4, 1954 


1. Introduction.—In an earlier paper! it is shown that Limber’s adaptation® * 
(two papers referred to as “L1” and ‘‘L2,” respectively) of the theory of fluctua- 
tions‘ to the problem of the spatial distribution of galaxies contains some mutually 
inconsistent formulas. More recently, Limber’s formulas were adopted by Mrs. 
Rubin’ (Paper R). The formulas in question refer to counts of images of galaxies in 
equal squares of size w on the photographic plate. In both studies, that by Limber 
and that by Mrs. Rubin, these formulas are used in order to estimate the various 
parameters involved in the theory of fluctuations. In each case, the formulas used 
are independent of w and are expected to be valid for small w. Also, in each case, a 
formula of this kind is fitted to empirical quantities which do depend on w and 
which, for small values of w, behave in a manner contradictory to the nature of the 
formula fitted. 

In one case of Limber, the basic empirical quantities used tend to unity as w > 0, 
whereas the formula fitted, independent of w, is capable of assuming only values 
lessthan unity. In another case, the empirical quantities used by both Limber and 
Mrs. Rubin tend to infinity as w ~ 0, whereas the formula fitted, independent of w 
but expected to hold good for small w, is capable of assuming only finite positive 
values. As a result of these circumstances, the estimates of the parameters, ob- 
tained from counts of images of galaxies in squares of fixed size w, reflect not so 
much the properties of the spatial distribution of galaxies as the purely fortuitous 
occurrence that the counts of galaxies used were made in squares 1° X 1° in one 
case and in 3° X 3° in the other. 

The above assertion regarding the empirical quantities used by both Limber and 
Mrs. Rubin reflects a purely arithmetical phenomenon, having nothing to do with 
galaxies but depending on the fact that the number of images of galaxies counted 
is necessarily a nonnegative integer. This assertion was established earlier.' 
The similar assertion regarding the estimation procedure used by Limber is proved 
below. The general purpose of the present paper is to analyze the basic concepts 
of the theory of fluctuations and to determine the exact source of the difficulties 
mentioned. 
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theory are stated in Paper L1 with extreme brevity, and, in order to avoid misun- 
derstanding, we quote in full the relevant passage: 

“Let p(r) be the number of nebulae per unit volume in a given direction and at a 
distance r. Then, ignoring galactic absorption for the present, the number of 
nebulae within a small solid angle w in the chosen direction and within a distance 


2. Basic Concepts of the Theory of Fluctuations.—The basic assumptions of the 


r’ will be 
N(r’) = wf” p(r)r? dr. (1) 
The assumption is now made that we can write 
p(r) = p [1 + Dir), (2) 
where f is a constant and where 


Dir) = 0, D?(r) = B? = constant (3) 


and 





D(r;) D(r2) = BT(In — rol). (4) 


In equation (4), [(\r1 — r|) is the correlation coefficient describing the fluctuating 
density field of the nebulae.” 

The passage quoted has an almost exact replica in Paper R and represents the 
entirety of the foundations of the theory of fluctuations. It is followed by a dis- 
cussion of the luminosity function of the galaxies, of the effects of interstellar ab- 
sorption, and of the effect of both on the counts of images of galaxies in squares w 
on the photographic plate. Then follow several sections, each treating a particu- 
lar case, giving formulas for V(w), V2(w), and NN4(w). These symbols represent, 
respectively, the expectation of the number V(w) of images of galaxies in a square 
w on the photographic plate, the expectation of the square of N(w), and the expecta- 
tion of the product of two such numbers N(w;) and N(we), referring to two equal 
squares w and w. separated by an angular distance ¢ between their centers. In 
each case the formulas have the same general form, which we rewrite as follows. 


NV(w) = twp fo” rl + D(r)d(r) dr =43 wp JP r2(r) dr, (5) 
N2(w) = 10s? fy” r2(r1) fo” re’h(r2) [1 + B°E(\r1 — re|)] dri dre, (6) 


NNo(w) = fos? Jo” rP8(r1) So r2h(re) (1 + 
Br(V re + re? — 2rnr. cos @)] dri dre, (7) 


where 3(r) represents the probability that a galaxy at a distance r will have its 
apparent magnitude less than the limiting magnitude of the plate. The postulated 
form of this function varies from one case considered by Limber to the next, but this 
is not important for the present discussion. The above formulas are written as 
self-evident, without any attempt at justification. 

3. Altempt at an Interpretation.—In order to verify the correctness of the 
formulas in question, it is necessary to be entirely clear about the meaning of the 
symbols they involve. The basic symbol is p(r), described as ‘the number of 
nebulae per unit volume in a given direction and at a distance r.”’ At first sight 
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the meaning of this symbol seems clear, but not after a closer examination. Let 
P be an arbitrary point in space and C(P, V) a cube of volume V, centered at P. 
Next, for any region S in space let n(S) denote the number of galaxies, idealized as 
dimensionless particles, located in S. The quotient Q(P, V) = n[C(P, V)]/V is, 
then, the density of galaxies per unit volume of C(P, V). The properties of Q(P, V) 
are likely to depend on the volume V and, since the description of p(r) does not refer 
to this volume, the quotient Q(P, V) cannot be identified with p(r). However, 
one may think of defining p(7) by a passage to the limit when V —~ 0. This limit 
exists, but, unfortunately, it is 


wo if a galaxy is located at P or if P is a limit point of 
galaxies, (8) 
0 otherwise, 


lim Q(P, V) = 


V=~>0O 


and cannot be used for the purpose of Paper Ll. For example, the expectation j 
of the above limit would have no meaning. 

Because the exact meaning of p(r) remains obscure, the interpretation of Limber’s 
constants 6 and 6? and of his function r'(|2|) must be sought on other grounds. In 
this, consideration of the random variable n(S), the number of galaxies in a given 
region S, is difficult to avoid. 

4. Attempt at an Alternative Interpretation.—In this section we attempt to re- 
interpret the basic ideas underlying the theory of fluctuations, starting with the 
variable n(S). For this purpose we shall need certain properties of this variable. 
The premises on which these properties are proved are those suggested by the 
paper* of Chandrasekhar and Miinch. For the sake of clarity they are briefly 
summarized in five postulates. The proofs of the properties of n(S) needed for 
this paper are simple. For this reason they are either indicated briefly or omitted. 

(i) Hxistence postulate: To every region S in space (really, to every Borel set S) 
there corresponds a random variable n(S) representing the number of galaxies con- 
tained in S. Thus n(S) is necessarily a nonnegative integer. 

(i) Postulate of stationarity: If two systems of regions Sy, Sy, .. ., Sim and Sa, 
So, ..., Som are congruent, then the joint distribution of n(Si,), n(Sw), . . ., nCSim) 
is identical with that of n(Sx), n(S2), . . ., N(Sem), irrespective of the relative loca- 
tions of the two systems of regions. 

(ui) Postulate of complete additivity: If the regions Sj, So, ..., Sm, ... are all dis- 
joint, then the variable V(>_S;), corresponding to their union, is equal to the sum of 
the numbers n(S;), 


n(>.S;) = >on(S)). (9) 


(iv) Postulate of finiteness of moments: If a region S has a finite volume (measure) 
V, then the expectation of n(S) and that of its square are finite. 

(v) Positiveness and monotonicity of correlation: For two similarly oriented cubes, 
C(P, Vi) and C(P2, V2), of volumes V; and V2, respectively, the random variables 
n[C(P;, Vi)] and n[C(P2, V2)] have a nonnegative correlation depending on the 
distance between the centers P; and P: of the two cubes and possibly on the 
volumes V; and V2. When V; and V_ are fixed, then this correlation is a nonincreas- 
ing function of é. 

In terms of the variables n(S) so defined, forming a three-dimensional stationary 
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stochastic process, it is possible to give an exact interpretation of Limber’s constant 
p. Also, it is possible to define concepts believed to be analogous to Limber’s 8? 
and T(j7|). In the process of doing so, it will he necessary to take care that these 
definitions do not contradict the five postulates adopted. Thus it will be neces- 
sary to deduce certain consequences of these postulates. We formulate these in 
the following propositions. The proofs of these propositions are based mostly on 
considerations of formula (9) applied to arbitrary bounded and disjoint regions 
'S,). Occasionally, it is convenient to identify }>S; with a cube C of fixed volume 
V’. This cube C is then divided into m* small half-open disjoint cubes, say, C'n;, 
i = 1,2,..., m’, and then S; of formula (9) is identified with C,,;.. Expectations of 
the various random variables are denoted by bars. 

Proposition (a): Whatever be the region S of finite volume V, the expectation of 
n(S) is proportional to V and we can write 


n(S) = pV. (10) 


Equation (10) may serve as the definition of Limber’s constant p. This con- 
stant may be described as the expected average number of galaxies per unit volume. 

Proposition (b): Whatever S of finite volume V, the expectation of n?(S) cannot 
be less than the expectation of n(S) equal to pV, 


n?2(S) Ps pV. (11) 
As a consequence, the variance o;,;s) of n(S) is 
orcs) = nS) — [n(S)P = aVU — pV). (12) 


Proposition (b) is a simple consequence of the fact that n(S) is capable of assum- 
ing only nonnegative integer values. 

Proposition (c): If |C,{ is a sequence of cubes with volumes | Vn} — 0, then the 
quotient of the variance of n(C,,,) by the volume V’,, tends to a fixed finite limit Z, at 
least equal to 5, 

lim = ™=L2p. (13) 
m—~o Vim 

We begin by proving proposition (c) for a particular sequence of cubes {C,{ 80 
selected that, for each m, the volume V,, = V/m*. For this purpose we refer to the 
subdivision of a fixed cube C of volume V into m? disjoint small cubes C,,;, each of 
volume V,, = V/m*. The variance of n(C,,;), independent of 7, will be denoted by 
o,,) and the correlation between n(C,,;) and n(C,;) by Rnij. Using formula (9) 
and applying the familiar formula for the variance of a finite sum, we find 


ee ee ae ee ee . 
On(C) = Fm) al ee’ » > Rmis¢ = M'O(m) = {, Fm) (1 
s=] j=1 +1 J m 
which, combined with (12), implies 
9 9 
CnC Cis _ f1P 
mee > = > a(l a, ra nds (15) 
J J m 


This proves equation (13) for the particular sequence of cubes. By the method 
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of comparison, the proposition is easily extended to cover any sequence of cubes 
with volumes tending to zero. 

Now we may turn to the problem of interpreting Limber’s and Mrs. Rubin’s 

constant B?. By analogy with Limber’s formula (3), defining 8? as the variance of 

p(r) — p : 

Dir) = ; (16) 


p 


obtained from equation (1), one is tempted to define 8? as the limit, 


C(P, V)| — Va|? 
6? = lim ki : | | 
vo Vp 


=n ) 1 oniece, vy) | 


? (17 
ro Wp Vp f a 


However, because of formula (15), the quantity in braces is greater than (1 — 
pV)/pV and tends to infinity as V ~ 0. Thus the exact meaning of Limber’s 
6? remains obscure. On the other hand, an independent symbol 6? may be defined, 
using proposition (c). Namely, we may put L = 6%, so that 
onc ) 
lim 7 = 76°. (18) 
> m 

Proposition (c) implies that 6° defined by expression (18) is at least equal to 
unity. Formula (12) implies that the quotient n2(C,,)/V» will have the same limit 
p38". 

Now we may proceed to the definition of the function T'(j2|), analogous to the 
function considered by Chandrasekhar, Miinch, Limber, and Mrs. Rubin, denoted 
by the same symbol. For this purpose we shall need the following propositions. 

Proposition (d): The variance o*s) of n(S) is an absolutely continuous function 
of S. This is a simple consequence of formulas (15) and (14) combined with 
postulate (v). 


Proposition (e): When SS; is fixed, the covariance of n(S;) and n(S2) is a com- 
pletely additive and absolutely continuous function of S.. This is implied by the 
fact that the covariance in question cannot exceed the product oy 5,) On(s»)- 

Proposition (f): For almost all positive £ and for any arbitrary sequence of pairs 
of cubes }C(P, Vn), C(Q, W,,){ with a distance & > 0 between their centers P and 
Q and with volumes V’,, and W’,,, respectively, if 

im, V, = lim f, — ©: (19) 
ial ma « 
then there exists a finite limit ['(¢) of the quotient of the correlation R,, between 
n(C(P, V»)] and n[C(Q, W,,,)] divided by the square root V V,,W,, 
jim J ; 
lim = T(é). (20) 
mao VI mV m 
» ) » ° . . , , , 

Let op, and og, stand for variances of n[C(P, V,,)] and n[C(Q, W,,) ], respec- 

tively. The covariance of these variables is then 


TremoQqmltm:- (21) 
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Because of proposition (e), this covariance possesses a second-order set-theoretical 
derivative for almost all P and Q, which is the limit of 
TPmoQmle 95 

VWs 7 
as m—> o. Because of the postulate of stationarity, this derivative can depend 
on the distance £ but not on the actual positions of P and Q. Thus the limit of 
expression (22) may be denoted by I'(é)#6?. Formula (20) is then implied by for- 
mula (18). Postulate (v) implies that ['(é), defined for almost all € > 0, is a non- 
increasing function of &. 

It will be noticed that the brief statement quoted from Paper L1 suggests that 
Limber’s and Mrs. Rubin’s ['(£) is meant to represent the limit of R,, as m > o, 
However, proposition (f) implies that this limit is equal to zero for all positive 
values of &. 

Proposition (e) provides immediate means of computing the covariance, say 
F(S,, Se), of the variables n(S,) and n(S.) corresponding to any two disjoint re- 
gions S; and S:. In fact, as a direct consequence of complete additivity and ab- 
solute continuity, F(S,, S2) is equal to the integral of its derivative, 


F(S,, S.) = SS Fides dy dz SIS r (V (x1 em to)? + (yn — Yo)? _ (21 ps 22)" | 
Si S: day dy2 dza. (28) 


On the other hand, the variance o;,s) cannot be computed in this way because, while 
absolutely continuous, it is not additive. For the sake of brevity, we shall indicate 
the method of obtaining o';s)-on the assumption that S is convex and — 
For each m, the region S can be covered by a finite number M(m) of cubes, 7 = 
1, 2,..., M(m), all of the same volume V,, = 1/m. We shall asume that ua 
cubes are half-open and disjoint. The symbol C,,; will be used to denote either the 
entire 7th cube or the part included in S. Then V,,; S m~' will stand for the volume 


of Cmi, 0; for the variance of n(C,;), and F',;; for the covariance of n(C,,;) and 
n(Cp;). With this notation 


M 
nS) = > nC), (24) 

i= 

where, for simplicity, 4 = M(m), and 
M M—1 M 
Tn(S) => = Omi + Z fi mij 
f=lj=ait+l 
Mea M PF 
Omi , mij ™ 9x 
sas = mt +2 = z z ry y J “a mj (25) 
=~ t Vm i=1 j=itl y aa? wai 


Because of the proved properties of 0%; and F(S;, S:), particularly because of 
formulas (18) and (20), it is now easy to see that, as m > ©, the first term on the 
right in formula (25) converges to 8? multiplied by the triple integral of unity taken 
over S, and the second term to the product of 78? by the sixfold integral of 
r (Vv (2, — xo)? + (yr — yo)? + (a — 22)?] taken over the topological product of 8 
with itself. Finally, then, 
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os) = BB SIS dx dy dz + pp? FES dx, dy; dz 


SIFT [V (ar — a2)? + (yr — ys)? + (er — 22)2] dite dye dex = 
F 78°7T, + pB?T, (say). (26) 


For purposes of further developments we note that the expectation of the square 
n°(S) can be obtained by adding to formula (26) the square of the expectation of 
n(S), so that 


n2(S) = pB? Ti + pB? T. + pT’. (27) 


It will be noticed that, as the volume V of S tends to zero, the last two terms in 
equation (27) are infinitesimals of the second order in V, but the first term is an 
infinitesimal of the first order. At the same time, the covariance (23) is an in- 
finitesimal of the second order. The expectation of the product n(S8;)n(S2) 


n(Si)n(So) = FCS, So) + nGS1) n(Se) (28) 


is also of the second order. 

5. Moments of the Counts N(w) of Images of Galaxies on the Photographic Plate. 
Now it is possible to return to the original object of study, namely, to the number 
N(w) of images of galaxies in a square w on the photographic plate. Our object 
is to examine the formulas of the theory of fluctuations used to represent the mo- 
ments of the first two orders of N(w). <A detailed treatment of the subject requires 
the consideration of the conditional probability 3#(€) that a galaxy located at a dis- 
tance — will have its apparent magnitude brighter than the limit of the plate. 
Also, it is necessary to consider a random variable u(S) corresponding to any given 
region S in space and representing the number of galaxies in S bright enough to 
have visible images on the plate. In particular, it is necessary to establish the re- 
lation between n(S) and u(S). 

An analysis of this kind is to be found in an earlier paper® by the authors. For 
the sake of brevity it will be omitted here, and we shall limit ourselves to a short dis- 
cussion of the general structure of the formulas capable of representing the expecta- 
tion N2(w) of the square of V(w) and the expectation NN,(w) of the product of two 
such variables, relating to two equal squares w; and w. with an angular distance @ 
between their centers. 

We begin by fixing a positive number 7’ and by denoting by w(7’) the part of the 
solid angle w extending up to the distance 7’. Next, we divide w(7’) into a large 
number m of disjoint regions, S,,;,7 = 1, 2, ..., m, which will be cubes of the same 
volume V,,, or parts of such cubes. The number NV(w, 7') of images of those galax- 
ies that are located within w(7') is then 

M 


N(@, T) = YL u(Sni), (29) 
1 


i= 


and N(w) is the limit of N(w, 7’) as 77 — ©. Squaring expression (29) and taking 
expectations, we have 


m m 


m— 1 
N%,T)= VY we®+2 DO DL oe, Ss 
; 1 t=1 


j=tt+il 
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where, for the sake of brevity, u; stands for u(S,,;). Simple algebraic manipulations 
lead to an alternative form of this formula, 


m m—1 m 
N%@,T)= DL ow +2 DD DY Ew — ad — a} + (N@ 1). (1) 
i=] #=1 j,=1+1 


By analogy with the deduction of formula (27), it must now be clear that the 
passage to the limit, as m — , will reduce the first term on the right to a triple 
integral, /;, taken over w(7’), analogous to 7;. However, this time the integrand 
will not be unity but will depend on 3(£). Similarly, the middle term in expression 
(31) will turn into a sixfold integral, /., over w(7') X w(7'), analogous to the term 7%, 
however, the integrand will include the product of two factors 3 (V ‘te + yi? + 2,7) 
for? = 1, 2. Finally, the last term in expression (31) will be a square of a triple 
integral /; over S, with its integrand equal to HV x? +9 > 2). 

Similarly, the expectation of N(a:, 7’) N(w, 7) can be written as the sum of two 
terms: 


m m 


NN,(& T) = SS DY Et(ai’ — Bi’) (us” — ay”")} + No, 7) N(w, 7). (32) 
i 1 j=l 


As m — ©, the first of these reduces to a sixfold integral over w:(7’) X o(T), 
analogous to that in formula (28). 

Comparing these formulas with those given by Limber and reproduced by Mrs. 
Rubin, we find the following discrepancies. Limber’s formula (9) lacks a term 
corresponding to the triple integral /; taken over w(7’). Also, in both formula (9) 
and formula (10) the order of multiplicity of the integrals is wrong. The terms as 
given should involve either sixfold integrals or products of two threefold integrals. 
The omission in formula (9) of the term corresponding to J; is probably due to the 
mistaken presumption that, as V,,—~> 0, the variance of n(C,,) is an infinitesimal of 
second order in V,,,, contrary to proposition (c). The reduction of the order of mul- 
tiplicity of the integrals in formulas (9) and (10) represents, probably, an attempt 
to use the first term of an expansion in powers of w of the higher multiplicity inte- 
grals. The authors investigated this method and found that, with w of the order of 
magnitude of 1° X 1°, at least three terms of this expansion are needed in order to 
obtain accuracy to two significant figures. 

The above discussion refers to variables N(w, 7). A simple passage to the limit 
extends the conclusions to the variables V(w). 

It was mentioned in the Introduction that the basic empirical quantities used by 
Limber for estimating his parameters tend to unity as w — 0, while the formula 
selected to fit these quantities is independent of w and is capable of assuming only 
values less than unity. The quantities in question are 1 — R(¢, w), where R(¢, ») 
stand for the correlation coefficient between counts of images of galaxies in squares 
w separated by a distance ¢, 

NN,(@) — [V@)}? i 
R(¢, w) = ; = ‘ (33) 
N2(w) — [N(w)]? 
According to formula (32), as w ~ 0, the numerator in expression (33) is an in- 
finitesimal of second order in w. Also, as we have seen, the denominator in expres- 
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sion (33) is an infinitesimal of the first order. Thus R(¢@, w) is an infinitesimal of 
the first order, and, as w > 0, the quantities | — R(¢, w) must tend tounity. On the 
other hand, the values of the Chandrasekhar-Miinch-Limber formulas (5), (6), and 
(7) ascribed to 1 — R(¢, w) are independent of w and less than unity. This com- 
pletes the proof of the assertion regarding Limber’s method of estimation made in 
the Introduction. 

Incidentally, the general property that R(@, w) must tend to zero as w > 0 is 
implied by formula (86) of the theory of clustering of galaxies published earlier.® 
For small values of w, this property dominates the value of R(¢, w) and makes this 
statistic not very sensitive to properties of the distribution of galaxies in space. 
The authors wish to call attention to the fact that the allied concept of quasi-cor- 
relation is free from this defect. 

The other statistic mentioned in the Introduction, which is used by both Limber 
and Mrs. Rubin, is the quotient (N2(w) — [N(w)]*)/[N(w)]?. Here, again, the 
theoretical expression implied by formulas (5), (6), and (7) is independent of w. 
On the other hand, as will be seen from formula (12), the mere fact that N(w) 
is an integer implies that, if images of galaxies are counted in smaller and smaller 
subdivisions w of the photographic plate, then the resulting empirical values of the 
statistic concerned will tend to infinity. 

It will be seen that, while in its original form the theory of fluctuations is con- 
tradictory to the theory of clustering—for example, with respect to properties of 
R(, w)—the reformulation of the theory of fluctuations makes it consistent with 
the theory of clustering. In fact, the basic concepts of the theory of fluctuations 
p, 8°, and I'(é), defined by formulas (10), (18), and (20), are easily expressible in 
terms of the basic concepts of the theory of clustering. 

* Prepared with the partial support of the Office of Naval Research. 

' J. Neyman and E. L. Seott, submitted to the Astron. J. 

*D. N. Limber, Astrophys. J., 117, 134-144, 1953. 

’D. N. Limber, Astrophys. J., 119, 651-681, 1054 

'S. Chandrasekhar and G. Miinch, Astrophys. J., 115, 103-123, 1952. 
5 V.C. Rubin, these ProceEpINGs, 40, 541-549, 1954. 

6 J. Neyman and E. L. Seott, Astrophys. J., 116, 144-163, 1952. 


AMINO ACID INCORPORATION BY ISOLATED THYMUS NUCLEI. I. 
THE ROLE OF DESOX YRIBONUCLEIC ACID IN PROTEIN SYNTHESIS 
By V. G. ALLFREY 
ROCKEFELLER INSTITUTE FOR MEDICAL RESEARCH 
Communicated by A. B. Mirsky, July 23, 1954 

Previous investigations in this laboratory have shown that cell nuclei isolated 
from the calf thymus by differential centrifugation in sucrose solutions are equiva- 
lent in total protein content and in enzymatic composition to thymus nuclei iso- 
lated in nonaqueous media.! The latter nuclei are selected as a standard of com- 
parison because only nonaqueous isolation procedures preclude a loss of nuclear 
protein or an exchange of soluble proteins between nucleus and cytoplasm.' 2 As 
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far as is known at present, only thymus nuclei can be isolated in sucrose solutions 
without a loss or exchange of the soluble nuclear proteins. Evidence has been pre- 
sented to show that this ability to retain soluble proteins is not due to the “imperme- 
ability” of the nuclear membrane.' ‘Sucrose’ nuclei prepared from other tissues, 
notably calf and rat liver, are grossly deficient in protein and are modified consider- 
ably in their enzymatic compositions. It might also be mentioned that nuclei 
prepared in sucrose from liver, pancreas, or kidney tissue do not meet the high 
standard of purity so readily achieved in preparations from the thymus but usually 
show appreciable contamination by whole cells, fiber, and cytoplasmic debris. 

The purity and the apparent enzymatic intactness of the thymus nuclei after iso- 
lation in sucrose suggests that such nuclei may be applied to in vitro studies of 
nuclear metabolism. The experiments described below are concerned with the 
ability of isolated thymus nuclei to incorporate C'-alanine into nuclear protein. 
It has been found that an appreciable amino acid uptake can take place in an in 
vitro system and that this uptake is dependent upon an energy source supplied in 
the incubation medium. 

It has also been found that the uptake of C'‘-alanine into nuclear protein requires 
that nuclear desoxyribonucleic acid (DNA) remain intact; the incorporation is 
nearly abolished by treatment of the nuclei with crystalline desoxyribonuclease. 
In contrast, ribonuclease, which has been shown to block protein synthesis in iso- 
lated cytoplasmic particulates,’ has no such effect on isolated thymus nuclei. 

Preparation of Nuclet.—Fifty grams of fresh calf thymus tissue was finely minced 
with scissors and placed in a Waring Blendor with 50 ml. of cold 0.5 sucrose solu- 
tion and 400 ml. of cold 0.25 W sucrose—0.0018 M CaCl; solution.‘ The tissue was 
gently homogenized by running the blendor at 35 volts for 4 minutes. (All opera- 
tions were performed at 2° C.) The resulting homogenate was filtered through a 
double layer of gauze (Johnson and Johnson Type I) and then through a single 
thickness of flannelette. The filtrate was centrifuged at 2,000 rpm (700 X g) for 
10 minutes, and the supernate was discarded. The sediment was resuspended in 
90 ml. of 0.25 M sucrose-0.0018 MM CaCh, transferred to a 100-ml. cylinder, and 
allowed to settle for 10 minutes. The supernate was carefully decanted through a 
double thickness of gauze, and the clumps of nuclei, fiber, and whole cells which re- 
main at the base of the cylinder were discarded. The supernate was centrifuged at 
2,000 rpm for 10 minutes to sediment the nuclei. The sediments were pooled and 
washed with about 50 ml. of 0.25 M sucrose-0.0018 M CaCl, solution. The wash- 
ings were discarded, and the nuclei were finally suspended in 25 ml. of 0.25 M su- 
crose-0.0018 . CaCls. Nuclei so prepared were well formed microscopically, and 
contamination by whole cells or cytoplasmic debris was negligible. The final sus- 
pension contained about 25 mg. of nuclei per milliliter. 

Incubation Procedure.—Aliquots of the nuclear suspension were incubated aero- 
bieally at 37° C. in an isotonic phosphate-sucrose buffer at pH 7.4, in the presence 
of alanine-1-C'! and other metabolites, as described in detail below. The metabo- 
lites used, the conditions of the incubation, and the final preparation of protein are 
essentially those recommended by Siekevitz in incorporation studies of cytoplasmic 
particulates.® 

Each incubation vessel contained 1.0 ml. of nuclear suspension, 0.5 ml. of phos- 
phate-sucrose buffer (3 parts of 0.1 1/7 potassium phosphate buffer, pH 7.4, to 7 
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parts of 0.25 M sucrose solution), 3.2 4M of adenosine-5-phosphoric acid, and 10 
uM of MgCl. All flasks contained 40 uM of a-ketoglutaric acid, except for those 
cases where it was desired to demonstrate that the extent of amino acid incorpora- 
tion is greatly diminished in the absence of an energy-yielding substrate. To each 
flask, 0.1 mg. of alanine-1-C' (1.0 me/mM) was added. The final volume of solu- 
tion was 2.0 ml.; the final pH was 7.4. 

The flasks were then immersed in a 37° water bath and shaken at 120 cycles per 
minute for | hour. All experiments were performed in quadruplicate, the contents 
of two vessels being pooled following incubation for preparation of the nuclear 
protein. 

To investigate the effects of ribonuclease and desoxyribonuclease upon this sys- 
tem, flasks containing nuclei and all metabolites (except C'*-alanine) were prein- 
cubated at 37° for 15 minutes in the presence of either crystalline ribonuclease or 
crystalline desoxyribonuclease. (These enzymes were generously supplied by Dr. 
Moses Kunitz, of the Rockefeller Institute.) In the corresponding “nuclease 
control” experiments, the nuclei were incubated in the absence of the enzyme. 
Radioactive alanine was then added and the incubation carried out for 1 hour as 
before. 

In all cases “control”? experiments were performed to ascertain the extent to 
which C'4-alanine is adsorbed by nuclear proteins. The procedure in the controls 
was to add the full amount of alanine-1-C' to the suspension of nuclei plus metabo- 
lites. The mixture was stirred, and an equal volume of cold 10 per cent trichloro- 
acetic acid was added immediately. The resulting precipitate was then treated as 
described below for the preparation of the nuclear protein. 

Preparation of Nuclear Protein.—Following incubation, the contents of duplicate 
vessels were pooled. Two milliliters of water were added, followed by 6.0 ml. of 
cold 10 per cent trichloroacetic acid (TCA). The suspension was centrifuged, and 
the precipitate was washed twice with 30 volumes of 5 per cent TCA. The pre- 
cipitate was then suspended in 5 per cent TCA, brought to 85° ©. for 15 minutes 
(to extract the nucleic acids), and then centrifuged. The sediment was washed 
once more with 5 per cent TCA. To remove lipids the precipitate was washed 
once with hot 95 per cent ethanol, twice with a warm 2:2:1 ethanol-ether-chloro- 
form mixture, and once with ether. The protein was then air-dried at room tem- 
perature. 

The dry protein was resuspended in acetone, transferred to a thick-walled glass 
tube, and homogenized using a motor-driven Teflon pestle. The protein disper- 
sion was deposited on filter paper (Whatman No. 50), using the Tracerlab E 8-A 
filtration apparatus. The activity of the samples was counted by using a thin- 
mica-window Geiger-Miiller tube and scaling circuit. The area of all samples was 
2.69 cm.?. The counting error was approximately 3 per cent. Self-absorption cor- 
rections were made by the equational method of Schweitzer and Stein,® using an 
experimentally determined value of b equal to 7.0. 

Results.—Incorporation data are summarized in Table | for three series of experi- 
ments on thymus nuclei isolated in sucrose. The activity of the nuclear protein 
(in counts per minute per milligram) is given in column 1 of the table. The “‘cor- 
rected activity” (i.e., the measured activity minus the activity of the adsorption 
“controls” is listed in column 2. 
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TABLE 1* 
ALANINE-I-C' INCORPORATION BY ISOLATED CALF THyMuUS NUCLEI 


C4 Activity or NUCLEAR PROTEIN, 
(cpM/MG PROTEIN) 


CONDITIONS OF EXPERIMENT Total Activity Corrected Activity 

(1) (2) 

A. Adsorption ‘“‘control”’ 62 0 

Nuclei + a-ketoglutarate 209 147 

Nuclei + a-ketoglutarate + ATP 180 118 

Nuclei — a-ketoglutarate 118 56 

Ribonuclease-treated nuclei 197 135 

B. Adsorption ‘‘control”’ 118 0 

Nuclei + a-ketoglutarate 265 147 

Nuclei — a-ketoglutarate 204 86 

Ribonuclease-treated nuclei 228 110 
Desoxyribonuclease-treated nuclei 

{enzyme acting for 75 minutes] 131 13 

Nuclease ‘‘control’’ 202 84 

C. Adsorption ‘‘control” 55 0 

Nuclei + a-ketoglutarate 161 106 

Nuclei — a-ketoglutarate 80 25 
Desoxyribonuclease-treated nuclei 

fenzyme acting for 15 minutes] 126 71 

DN Aase-treated nuclei + added DNA 158 103 

Nuclease ‘‘control”’ 174 119 


* In vitro incorporation of radiocarbon into the protein of calf thymus nuclei isolated in sucrose and then in- 
cubated in the presence of C \4-alanine and added metabolites. Each ine ubation vessel contained 1.0 ml. of nu- 
clear suspe nsion (25 mg. nuclei), buffered in isotonic phosphate-sucrose at pH 7.4, together with 3.2 uM of adeno- 
sine-5-phosphoric acid and 10 uM of MgCl. All flasks contained 40 uM of a- ketoglutaric acid except for experi- 
ments listed in the table as ‘‘Nuclei— a- ketoglutarate. "* One-tenth milligram of alanine-1-C'4 (1. 0 me/mM) was 
then added, and the flasks were shaken at 37° for 60 minutes. In the adsorption ‘‘control’’ the reaction was 
stopped at ¢ = 0 by the addition of an equal volume of 10 per cent trichloroacetic acid. The data in column 1 
give the total activity in counts per minute per milligram of protein. The corrected activities in column 2 repre- 
sent the difference between the total activity and the C' uptake of the absorption ‘‘control.’ 


There are five main points which emerge after consideration of the data. 

1. The uptake of C'*-alanine into the protein of isolated thymus nuclei is ap- 
preciable. The incorporations observed (106-147 cpm/mg in the presence of a- 
ketoglutarate) are in sharp contrast to the low uptakes previously reported for in 
vitro systems of rat liver® and swine kidney sucrose nuclei.’ It has also been ob- 
served that calf thymus nuclei isolated in nonaqueous media by a modified Behrens’ 
procedure? are unable to incorporate C'‘-alanine under these experimental condi- 
tions. 

2. The incorporation of labeled amino acid into nuclear protein requires a 
source of energy. The incorporations observed in the absence of added a-keto- 
glutarate are only 24-58 per cent of those obtained in the presence of, the substrate. 
The addition of ATP to systems already containing adenosine-5-phosphate, MgCl, 
and a-ketoglutarate did not lead to further increases in amino acid uptake. 

3. The incorporation of C'*-alanine is not inhibited by preincubation of the nu- 
clei with ribonuclease. The failure of ribonuclease to block amino acid incorpora- 
tion by the isolated nucleus is in sharp contrast to its effect on isolated cytoplasmic 
particulates. C'-alanine uptake into ‘“microsome”’ proteins is greatly diminished 
in the presence of this enzyme. It should be noted, however, that although de- 
soxyribonuclease has actually been demonstrated to enter the nucleus and to break 
down its DNA,! no such evidence has yet been presented to show that ribonuclease 
acts upon the RNA of the cell nucleus. 

4. Preincubation of the thymus nucleus with desoxyribonuclease destroys or 
impairs its capacity to incorporate radioactive amino acid. Under the conditions 


of these experiments, preincubation for 15 minutes with crystalline desoxyribonu- 
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clease (subsequent enzymic action being inhibited by the addition of 20 uM of tri- 
sodium citrate) led to a 40 per cent reduction in C'‘ uptake. When desoxyribonu- 
clease was allowed to act throughout the whole of the incubation period (75 minutes 
total), the C!4 uptake was only 15 per cent of that observed in control experiments. 

5. The addition of supplementary calf thymus desoxyribonucleic acid (DNA) 
to nuclei previously treated with desoxyribonuclease results in higher amino acid 
incorporations than are observed in the absence of added DNA. This result is 
reminiscent of the recent experiments of Gale* on amino acid incorporation by 
broken bacterial cells, in which it was found that added DNA (as well as RNA and 
a purine-pyrimidine mixture) could restore the protein synthetic capacity of nu- 
clease-treated cells. 

In summary, the experiments described above have shown that isolated calf 
thymus nuclei can incorporate C'-alanine into nuclear protein and that this in- 
corporation requires that the desoxyribonucleic acid of the nucleus remain intact. 


1H. Stern and A, E, Mirsky, J. Gen. Physiol., 37, 177, 1953. 

2V. Allfrey, H. Stern, A. E. Mirsky, and H. Saetren, J. Gen. Physiol., 35, 529, 1952. 
*V. Allfrey, M. M. Daly, and A. Ek. Mirsky, J. Gen. Physiol., 37, 157, 1953. 

4*R. M. Schneider and M. L. Petermann, Cancer Research, 10, 751, 1950. 

5 P. Siekevitz, J. Biol. Chem., 195, 549, 1952. 

6G. K. Schweitzer and B. R. Stein, Nucleonics, 7, 65, 1950. 

7K. Lang, H. Lang, G. Siebert, and S. Lucius, Biochem. Z., 324, 217, 1953 

8. F. Gale and J. P. Folkes, Nature, 173, 1223, 1954. 


STUDIES ON UNBALANCED GROWTH IN ESCHERICHIA COLI* 
By Srymour 8. CoHEN AND Hazeu D. BARNER 


CHILDREN’S HOSPITAL OF PHILADELPHIA (DEPARTMENT OF PEDIATRICS) AND DEPARTMENT OF PHYS- 
IOLOGICAL CHEMISTRY OF THE UNIVERSITY OF PENNSYLVANIA SCHOOL OF MEDICINE 


Communicated by David Goddard, August 11, 1954 


The discovery of a unique viral constituent, 5-hydroxymethylcytosine,! has led 
this laboratory to metabolic studies on pyrimidines. Among the approaches em- 
ployed have been nutritional investigations with mutants of Escherichia coli re- 
quiring specific pyrimidines. One of these organisms was a thymine-requiring 
strain, designated 15,-. It was found that, on infection with T2 bacteriophage 
in the absence of thymine, the infected 15;- produced as much virus and DNA as 
‘f thymine had been added to the medium.? More detailed investigation revealed 
that the infected cell synthesized thymine in considerable quantity as a component 
essential to virus deoxyribonucleic acid (DNA).* Indeed, the only nucleic acid 
pyrimidines synthesized after infection were thymine and 5-hydroxymethylcytosine, 
neither of which appeared to be synthesized in appreciable amounts before infec- 
tion. The existence of this phenomenon led to a study of other properties of 
strain 15+-. 

Consequences of Thymine Deficiency.—It has been observed that, in a synthetic 
medium lacking thymine, the organism irreversibly loses the power to form colonies 
(“dies”) at the rate of about 90 per cent per division time. This type of steriliza- 
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tion or “death” is accompanied by a significant increase in the turbidity of the cul- 
ture, a marked increase in bacterial length and girth, doubling of ribose nucleic acid 
(RNA) content, and a very slight increment in DNA.* The respiration of the cul- 
ture increases considerably on incubation in glucose and a nitrogen source, and the 
assimilation of limited amounts of glucose is only slightly impaired.‘ The RQ 
is essentially unchanged. Thus death appears to be a concomitant of growth which 
is vigorous with respect to cytoplasmic function and deficient with respect to DNA 
and nuclear synthesis. This unbalanced growth would appear to produce a struc- 
tural change, since it can no longer be reversed even when thymine is added to the 
medium at a later time, although DNA synthesis may still occur on addition of 
the pyrimidine. 

Recent studies with 5-bromouracil have revealed that this compound can par- 
tially replace the thymine requirement of 157-, as can be seen in Figure 1. | Bromo- 
uracil permits a five- to sixfold increase of turbidity of the culture and a temporary 

increase in viable cell number, 
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Fig. 1.—The effect of 5-bromouracil on turbidity and 


viability of EZ. coli strain 15r~, incubated in the ab- in tgmeedl These coampeNeh ah 
sence of thymine. clude methionine, serine, xanthine, 

pantothenate, etc., and thymine. 
Elimination of thymine from the fortified medium results in a rapid loss of cells 
‘apable of forming colonies. Elimination of the other compounds in the presence 
of thymine inhibits growth but does not produce death. 

A uracil-less strain, W,_, did not die in the absence of uracil. In such a medium 
the cell appears to be incapable of unbalanced growth, since uracil is essential to 
both RNA and DNA synthesis. It would appear reasonable to suppose that death 
similar to thymineless death may be provoked in many organisms only by a spe- 
cific block in DNA synthesis. 

Quantitative Aspects of the Inabil’ty to Synthesize Thymine.—The following ex- 
periments were made to test the ability of 15;- to a synthesize thymine: The bac- 
teria were grown in a synthetic medium containing uniformly labeled glucose-C™ 
(1 mg/ml) and exogenous thymine at 2 ug/ml. The bases of the nucleic acids were 
isolated by paper chromatography in two solvent mixtures.* The thymine was 
further purified by paper electrophoresis in 0.1 N NaOH and by ion exchange on a 
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Dowex-l-acetate column. The radioactivities of the compounds are given in Table 
| and show a slight activity in the thymine, equal to 2 per cent of the carbon of the 
glucose used. Thus at least 98 per cent of the thymine of the organism is derived 
from exogenous thymine. 

Bacteria were also grown in unlabeled glucose and thymine, washed, and resus- 
pended in the mineral medium containing uniformly labeled glucose-C'* (1 mg/ml) 
as sole carbon source. The culture was incubated for 2 hours, in which time the 
glucose was exhausted and the number of colony-formers fell from 6.2 X 10% to 
9.4 X 10° per milliliter. The bacteria were harvested, and the bases were isolated, 
the thymine being purified by the three types of procedures described above. The 
activities of the compounds are given in Table 2. 


TABLE 1 


RADIOACTIVITIES OF THE BASES OF STRAIN 157- GROWN IN UNIFORMLY LABELED GLUCOSE-C!4 
AND UNLABELED ExoGENOUS THYMINE 


uM. Carbon Counts/ Min/ 
Substance Plated Counts/ Min* uM Carbon 
Glucose 1.5-6.2 ee 259 
Uracil 1.70 440 258 
Cytosine 1.81 423 235 
Guanine 1.90 177 251 
Adenine 1.55 340 220 
Thymine: 
Chromatography 4.90 67.2 13.8 
lectrophoresis (9.4 62.7 6.7 
6.5 50.2 Y Pay 
Ion exchange 10.6 15.9 +.4 


All planchets were counted to 3,000 counts. 


TABLE 2 
RADIOACTIVITIES OF THE BASES OF STRAIN 157-INCUBATED IN UNIFORMLY LABELED GLUCOSE- 
C'™ IN THE ABSENCE OF EXOGENOUS THYMINE 


Per Cent 


uM. Carbon Counts/ Min Activity 
Substance Plated Counts/ Min uM Carbon of Glucose 
Glucose ; 259 100 
Uracil 2.90 368 127 19 
Cytosine 2.29 335 114 14 
Adenine 1.20 538 128 19 
Guanine 3.98 386 97 37 
Thymine: 
Kleetrophoresis 5.50 78.4 12.6 1.9 
Ion exchange 1.45 16.7 10.6 £1 


The activity of the uracil, a specific RNA constituent, indicates a synthesis of this 
substance to the extent of 96 per cent of that of the RNA originally present. The 
activity of the thymine, a specific DNA constituent, indicates a maximal synthesis 
of thymine and DNA of about 4 per cent of that of the DNA originally present. 

These data show that under conditions of normal growth or of death by unbal- 
anced growth there appears to be a very low level of thymine synthesis. However, 
this is insufficient to permit balanced growth in the absence of exogenous thymine. 

During unbalanced growth on radioactive glucose the bacteria excreted ultra- 
violet-absorbing materials into the medium. These were isolated by adsorption on, 
and elution from, charcoal-celite,> followed by paper chromatography of the major 
fractions in n-butanol-H,O. Six white crystalline solids were isolated, of which 
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three have been positively identified as uracil, orotic acid, and hypoxanthine. The 
probable identities of the three substances were established by spectra in acid, neu- 
tral, and alkaline solutions and by R, values in a variety of solvent mixtures. The 
radioactivities of the compounds permitted estimations of the carbon contents of 
the compounds, which were compared with those calculated from the extinction 
coefficients of known substances. These data are given in Table 3. Since the 
substances isolated from the media possessed activities equivalent per carbon atom 
to that of the glucose fed, it is clear that they were synthesized and excreted during 
unbalanced growth and are not autolytic products derived from the unlabeled cell. 


TABLE 3 


IDENTIFICATION OF COMPOUNDS SYNTHESIZED AND EXCRETED DURING THYMINELESS DEATH OF 
STRAIN L5r 






UV Max* 
Fraction mu) Counts/ Min uM. Carbon uM. Carbon Plated Assuming émax 
Glucose 259 | aes 
l 134 0.52 0.57; uracil (€25; = 8.13 * 10%) 
3 282 226 0.87 0.89; orotic acid (e289 = 7.35 & 10°) 
3 248-249 234 0.90 0.89; hypoxanthine (€50 = 10.5 X 10) 


* Spectra taken in 0.1 V HCl. 


Uracil accounted for most of the ultraviolet-absorbing material excreted and 
Was present in amounts of about 4 ug/ml. Three substances, as yet unidentified, 
were present in relatively small amounts and possessed spectra unlike any pre- 
viously reported. None contained diazotizable amine; one contained pentose. 

Induced Biosynthesis of X ylose lsomerase.—Cells were therefore available capable 
of extensive cytoplasmic synthesis under conditions of deficient nuclear synthesis, as 
indicated by the very low level of DNA synthesis. It was of interest to determine 
if such cells could synthesize an enzyme in response to the presence of a new sub- 
strate. The substrate chosen was p-xylose, the metabolism of which is begun with 
the conversion of the aldose to the ketopentose by an enzyme, xylose isomerase, 
which catalyzes the formation of the equilibrium 


p-xylose = p-xylulose. 


Strain 15;- contains an inducible xylose isomerase, not present in significant 
amounts in cells grown in glucose. The enzyme is easily estimated in extracts or 
in intact bacteria by incubation in xylose in the presence of 0.1 M/ borate, pH 8, 
which traps the ketopentose, whose formation may be determined by a sensitive 
method.® 

Bacteria were grown in glucose and thymine, washed, and resuspended in mineral 
medium plus xylose. After a lag, the turbidity of the culture increased, and the 
bacteria increased their rate of respiration some twenty fold over the basal rate. 
The organisms consumed and assimilated xylose and died concomitantly with such 
utilization (Fig. 2). 

Under comparable conditions, the bacteria synthesized xylose isomerase in the 
absence of thymine (Fig. 3). Although the bacteria synthesized more enzyme in 
the presence of this pyrimidine over a 3-hour interval, enzyme synthesis began 
at the same interval in each case. The amounts of such enzyme were the same per 
unit of turbidity increment in the first 100 minutes. It is therefore concluded that 








Th 
of 

wai 
375 
irs 
in ] 


anc 
irre 
abs 
rat 
Th 


col 


‘he 
eu- 
‘he 

of 
ion 
the 
om 
ing 


OF 


nd 
ed, 
re- 


ble 
as 
ine 
ib- 
ith 
se, 


unt 
or 


ive 


ral 
the 
ite. 
ich 


the 

in 
ran 
er 
rat 








Vou. 40, 1954 BIOCHEMISTRY: COHEN AND BARNER 889 


the syntheses of thymine and DNA are not essential to the process of induction or 
of inducible enzyme synthesis and that the cytoplasm is probably the site of both 
phenomena. 

Reversible Restoration and Radiation Damage.—Kanazir and Errera have recently 
demonstrated that bacteria subjected to ultraviolet irradiation are inhibited with 
respect to DNA synthesis,’ accumulate abnormal amounts of thymidylie acid,* 
and produce abnormally large cells in which extensive RNA synthesis has oc- 
curred. The type of cell growth described by these workers is substantially that 
observed in the case of thymine deficiency with 15;-. It appeared of interest to 
compare more directly the effects of ultraviolet irradiation and thymine deficiency 
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In these experiments the bacteria were grown in appropriate media to about 
3 X 10° cells/ml, washed, and resuspended at 10’ cells/ml in a mineral medium. 
The bacteria were irradiated under a Sylvania 15W germicidal-A lamp to a survival 
of about 0.1. The organisms were then manipulated in the dark. The culture 
was diluted fivefold in a medium containing the desired metabolites, aerated at 
37°, and plated periodically on broth agar plates. A typical experiment with 
irradiated 15;- incubated in glucose in the presence or absence of thymine is given 
in Figure 4. 

Simultaneously determined curves of multiplication in the presence of thymine 
and death in its absence are also presented for unirradiated cells in Figure 4. On 
irradiation the number of colony-formers fell about 90 per cent. Incubation in the 
absence of thymine resulted in a fivefold increment of viable cells at 20 minutes, a 
rate of increase of viable cells far in excess of the normal division time of the strain. 
The curve then fell at the rate of thymineless death. 

However, in addition to the observed restoration, new phenomena appeared under 
conditions of incubation in media containing thymine. Despite the presence of 
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this essential metabolite, the curve still fell at the rate of thymineless death until 
all restored cells had “died” for the second time. This conclusion is supported by 
the fact that the curve from 60 to 120 minutes approaches the normal division time 
and extrapolates back to the initial level of survivors. This last portion of the 
curve thus represents the curve of unaffected survivors within the irradiated cul- 
ture and may be neglected. 

The death curve of restored bacteria extrapolates back to the initial level of cells 
viable prior to irradiation, indicating that irradiated bacteria are dying throughout 
the incubation period for a 60-minute interval, which is about the division time for 
the cells. Thus all irradiated cells lose the power of multiplication in an irreversible 


UNIRRADIATED + 
THYMINE 


UNIRRADIATED 


Z 





\ 






IRRADIATED + 
THYMINE 





COUNT 


VIABLE 






IRRADIATED ~~ 









8 | NO THYMINE @ 
: >| St al IRRADIATED 
> 
| 
| 
2 
ears | | 
20 40 60 80 100 120 He 
MINUTES a 
Fic. 4.—The restoration and death of ultra- 6 
violet-irradiated strain 15T~ as a function of ao eAS 60. 80 100. BO 
incubation in the presence or absence of thy- MINUTES 


mine. f : 
Fic. 5.—The restoration and death of 


ultraviolet-irradiated strain 15. 


fashion in a time approximately equal to that of a single division. This occurs at 
a rate characteristic of thymineless death by unbalanced growth. It seems rea- 
sonable to propose that irradiation is lethal when it results in unbalanced growth 
and that the lesion prevents DNA synthesis, at some level between thymine syn- 
thesis and polymer formation, perhaps above the level of synthesis of thymidylic 
acid, as Kanazir described. 

Since irreversible death is unaffected by the presence of thymine, it was antici- 
pated that the parent-organism, strain 15, would show similar phenomena. Such re- 
sults are given in Figure 5. Subsequent experiments were carried out with this 
strain. The nature of the second death would evidently have been far less clear 
without the initial results on 15--. 

If irreversible death is a function of unbalanced growth, it was anticipated that 
a lack of glucose or of nitrogen would prevent this phenomenon. Bacteria were 
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grown until growth stopped in media containing limiting glucose or NH,*. After 
irradiation and incubation in the deficient media, death did not occur, despite the 
evident reactivation of the irradiated cells (Fig. 6). It should be noted, however, 
that restoration is slightly slower in the absence of glucose. Restoration is not 
significantly affected by incubation in media containing glucose and deficient in 
nitrogen. 

In the presence of adequate glucose and nitrogen a single amino acid antagonist 
will prevent irreversible death at concentrations at which it will completely inhibit 
growth. 5-Methyltryptophan will produce this effect at 2.5 * 10-4 M. Resto- 
ration is apparently unimpaired under these conditions. 

The apparent restoration rate is a composite of the true restoration rate minus 
death rate plus survivor multiplication, the last being a minor factor. The concur- 
rent death rate is significant, however, 
and the true restoration rate is probably 
much faster than that recorded. Indeed, 
it appears in Figures 4 and 5 that the ] 
bacteria might be completely restored 
in the absence of death. This applies 
only for irradiation survival up to about 
0.05. Below this level of initial sur- 
vival, comparable degrees of restoration 
have been observed (5-9). However, 
in these instances the irreversible death 
curves do not extrapolate to the origin, 
indicating an additional type of irrevers- 
ible irradiation damage. 

If irradiation damage produces its ir- 
reversible effects as a concomitant of 
growth, it may be asked how a plating 
procedure which permits growth permits 108 : ured 
the observation of restoration by the ap- OO Se 
pearance of colonies. It can only be Fig. 6.—The restoration and death of ultra- 
supposed that some step in the plating __ violet-irradiated strain 15 as a function of the 
procedure, such as a temperature change Presence or absence of glucose. 
or a component of the broth agar plate, 
interrupts the expression of the radiation-induced lesion, which is then repaired. 

Comparable curves of restoration and death of irradiated bacteria are obtained 
with incubations in broth. Addition of broth at the 20-minute interval does not 
prevent death. Hence, the components of broth are not the elements of the plating 
procedure which permanently disrupt the process of unbalanced growth leading to 
death after irradiation. The nature of this interruption has not been clarified at 
this time. 
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Discussion.—The phenomenon of death by unbalanced growth as a consequence 
of thymine deficiency has marked similarities to the death induced by a number of 
other important agents. The data presented above, which have demonstrated the 
similarities of death produced as a result of thymine deficiency and as a result of 
ultraviolet irradiation, will be considered in greater detail below. Like both these 
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inducers of death, penicillin is bactericidal only under conditions permitting growth 
and multiplication and causes the production of filamentous forms. Abnormally 
swollen forms are also produced under the influence of the nitrogen mustards. The 
latter agents also inhibit DNA synthesis and multiplication without a very great 
effect on RNA formation. One may suppose that in all these instances death is 
comparable, resulting from an inhibition of nuclear synthesis and a continuing 
cytoplasmic overgrowth and culminating in a structural impasse in which balanced 
growth and division are no longer possible. 

Sulfanilamide is generally considered to be a bacteriostatic agent, as contrasted 
to a bactericidal compound such as penicillin. The inadequate supply of one- 
carbon fragments resulting from application of sulfanilamide affects both cyto- 
plasmic and nuclear syntheses, leading to stasis rather than to death. The division 
“bacteriostatic” versus “bactericidal” fails, however, when sulfanilamide-inhibited 
cells are supplied with compounds essential to cytoplasmic syntheses, while still 
deprived of the nuclear component, thymine. The induction of unbalanced growth 
in this case leads to death; the inhibition of all growth, as a result of the omission 
of many metabolites, permits survival. A similar situation occurs with the uracil- 
requiring W,._ in the absence of uracil. 

If the induction of unbalanced growth by prevention of DNA synthesis proves 
to be a general phenomenon, as these considerations seem to suggest, it is evident 
that death may be induced by a specific chemical inhibition of thymine incorpo- 
ration into DNA. In most cells, thymidine rather than thymine is required, and 
the task, then, is that of producing a compound which can specifically prevent 
the synthesis or utilization of thymidine rather than of the free pyrimidine.  Par- 
enthetically, it may be pointed out that turbidimetric studies of the efficacy of an 
antimetabolite for thymidine may be unsuitable for bacteria, since cytoplasmic 
growth permits an increase in turbidity. Furthermore, as our work with 5-bro- 
mouracil has demonstrated, a considerable increase in turbidity need not signify 
the presence of viable cells. 

The isotope data seem to show that strain 15;- appears to have some of the en- 
zymes for thymine synthesis, even if these have practically a negligible activity 
during growth. The existence of any activity in this respect in the organism sug- 
gests that the effect of virus infection leading to extensive thymine synthesis is 
really an uncovering of an inhibited system rather than the supply of an essential 
coenzyme or enzyme by the virus. An analogy for the phenomenon of release of 
an inhibition by T2 infection exists in the release of the inhibition of deoxyribo- 
nuclease in infected bacteria. The proof of this conclusion for our system, how- 
ever, will require a more definitive demonstration of the presence in 157- of the 
enzymes for thymine synthesis and the effect of infection on their activity. 

Finally, we may now attempt to explain the results with ultraviolet irradiation. 
Restoration is relatively unaffected by metabolism, as the results with glucose and 
nitrogen starvation have indicated. It is entirely unrelated to division. In un- 
published experiments, it has been observed that a decrease of temperature mark- 
edly impedes the increase in colony-formers. The data on restoration suggest 
that this phenomenon is similar to the decay of a toxic product. 

On the other hand, the lesion leading to unbalanced growth and death becomes 
evident as a result of the division process and appears as a block in DNA synthesis, 
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with concomitant accumulation of thymidylic acid. This conclusion is supported 
by the data showing that irreversible death as a result of thymine deficiency and 
irreversible death as a result of ultraviolet irradiation occur at the same rate and are 
similarly functions of growth (i.e., the utilization of carbon and nitrogen). This 
lesion may be repaired, as the discovery of restoration demonstrates, but the factors 
controlling this repair are as yet quite obscure. 

Thus ultraviolet irradiation damage appears simultaneously to be of two types. 
As a working hypothesis, it may be supposed that the absorption of energy in an 
essential molecule of DNA results in the formation of an activated molecule which 
decomposes to a toxic material, perhaps a peroxide, and a DNA molecule containing 
a break at some crucial bond, designated as DN/A. The division, even after the 
repair of the damaged DN/A, may not occur in the presence of the toxic agent. 
Following the decay of the toxic material, the duplication and division would still 
be blocked by the existence of the break in the critical DNA molecule. This hy- 
pothesis may be formulated as follows: 


y ; : DIN / AoE. ENA 
INA _©* _.. activated DN. we ; las : 
ila sacmaiaiiienas sie “a toxie product _ ae. nontoxic product. 


Summary.—A thymine-requiring mutant of /. coli is capable of cytoplasmic 
syntheses in the absence of appreciable DNA synthesis. Such unbalanced growth 
of the cytoplasm leads to the irreversible loss of the power to multiply. 

Bacteria which lack an appreciable DNA synthesis may nevertheless synthesize 
xylose isomerase in response to the presence of the inducing substance, xylose. 

ividence has been presented to indicate that ultraviolet radiation may also pro- 
duce death by unbalanced growth. It appears that the mechanism of this radi- 
ation effect is also a consequence of the inhibition of DNA synthesis. 


* These studies have been aided by a grant from the Commonwealth Fund. 
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ON THE MACROMOLECULAR STRUCTURE OF DEOXYRIBONUCLEIC 
ACID: AN INTERRUPTED TWO-STRAND MODEL* 


By C. A. DEKKER AND H. K. ScHACHMAN 
DEPARTMENT OF BIOCHEMISTRY AND VIRUS LABORATORY, UNIVERSITY OF CALIFORNIA, BERKELEY 


Communicated by W. M. Stanley, August 13, 1954 


Introduction.—A model of the macromolecular structure of deoxyribonucleic acid 
(DNA) has recently been proposed by Watson and Crick" ?, primarily on the basis 
of the X-ray diffraction studies of Wilkins e¢ al.’ and Franklin and Gosling.‘ The 
purpose of this communication is to assemble the existing data and present new 
evidence concerning the physical and chemical behavior of DNA, and to consider 
the results in terms of the Watson-Crick structure and other potential models. 

As we hope to show, most of the data do support a hydrogen-bonded, intertwined, 
two-strand model of the type proposed by Watson and Crick, but it appears that 
their proposed structure requires modification because of certain existing data, es- 
pecially those pertaining to chain length. A model more compatible with all the 
data is one in which the individual polynucleotide strands, rather than being con- 
tinuous, are interrupted about every fifty nucleotides, with the breaks in the two 
strands staggered relative to one another. This implies that the macromolecule, 
DNA, is an aggregate of much smaller molecules held together in a specific configura- 
tion by hydrogen bonds between the purine and pyrimidine rings. 

Molecular Size and Shape.—During the last ten years there has been disagree- 
ment over the molecular weight of DNA,* ® but it now seems evident that the dis- 
crepancies were due either to variations in the preparations of DNA or to limita- 
tions in the methods of measurement used at the time. From a variety of physical- 
chemical*techniques, including light-scattering, ultracentrifugation, diffusion, vis- 
cosity, streaming birefringence, and electron microscopy, we can now conclude that 
the DNA preparations obtained by mild methods such as that of Signer and Schwan- 
der? contain molecules with molecular weights of about 5 X 10° Probably the 
best values for the molecular weight result from light-scattering measurements,' 
since no assumptions need be made regarding the shape of the molecules in solution. 
Such assumptions must be made to determine the molecular weight from hydro- 
dynamic methods in view of the absence of reliable diffusion data. It should be 
pointed out, however, that molecular weights obtained from hydrodynamic data 
are in the neighborhood of 10%-10' for those models which have been considered.’ 

From the results of extensive studies of synthetic high polymers, it is known 
that these macromolecules can assume a great number of different configurations in 
solution because of the possible rotation about the single bonds in the polymer 
chain. When there is free rotation at each segment in the chain, the macromole- 
cule assumes a configuration called a “random coil,’’ which is described in terms of 
the distance between the two ends of the chain. This distance is, of course, much 
smaller than the over-all contour length. At the other extreme is the completely 
extended or rodlike macromolecule with length equal to the contour length. — Inter- 
mediate configurations exist depending upon the freedom of rotation about the 
single bonds, steric factors such as bulky side chains, and electrostatic repulsion due 
to charged groups. In DNA there is a high density of negative charge along the 
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backbone structure, and some stretching of the molecule toward a rodlike configura- 
tion should be expected, due to electrostatic forces. However, most physical- 
chemical work on charged macromolecules shows that such repulsion is fairly well 
damped out at ionic strengths of about 0.2, and entropic forces should dominate, 
leading to coiled macromolecules (see Sadron” for a critical discussion of the methods 
of determining the form and dimensions of particles in solution). This is shown 
very clearly in studies of dilute solutions of synthetic polyelectrolytes like poly- 
vinylpyridintum bromide. In water the repulsive forces dominate and the mole- 
cules are in an extended form, whereas they appear to be highly coiled in solutions 
of 0.1 ionie strength. If the bulk of the physical-chemical evidence indicates that 
the more appropriate shape for DNA under the latter conditions is rodlike, we must 
look for some structural feature in any proposed model to account for the stiffness 
of the molecule. 

Despite careful studies!' '* '% of the variation of the intensity of scattered light 
as a function of angle, there is still some indecision as to whether the scattering 
curves are*more representative of rodlike or coiled macromolecules. This uncer- 
tainty arises chiefly because of lack of knowledge of the polydispersity of the ma- 
terial with regard to molecular weight. A recent study® suggests that the molecule 
in solution is a stiff coil whose end-to-end distance is about one-fifth the contour 
length calculated on the basis of a molecular weight of 5 X 10° and two nucleotides 
per 3.4 A along the chain. Had the molecule been randomly coiled with free rota- 
tion at every nucleotide, the end-to-end distance would be of the order of 500 A, 
rather then the 5,000 A found by these workers. Recent sedimentation studies,’ 
at lower concentrations than had been employed previously, showed that the sedi- 
mentation coefficient at infinite dilution is about 21S, a value almost 50 per cent 
larger than those reported earlier. Using this value of the sedimentation coeffi- 
cient, together with the value of 5 X 10° for the molecular weight and 57 (gm/100 
ce)! for the intrinsic viscosity,’ we can calculate the shape of the effective hydro- 
dynamic unit according to the theories of Flory and co-workers!* and Scheraga 
and Mandelkern.'® The results of these calculations’ are incompatible with a 
random coil model and show that the hydrodynamic unit is rodlike, with an axial 
ratio of 300 to 1. Further, the thickness of the particles estimated from sedimenta- 
tion measurements is about 25 A. This view gains additional support from direct 
observation in the electron microscope,'” '’ which shows that the particles are 
threadlike, with a thickness of 15-20 A. Although the micrographs are of dried 
preparations of DNA, it seems unreasonable to suppose that the particles would 
appear almost straight when studied in the dried form on the substrate films used 
for electron microscopy if, in solution, the molecules had been highly coiled. Fur- 
ther evidence for the rigidity of DNA stems from viscosity studies. Experiments 
at moderately high concentrations of DNA show that the viscosity tn salt solutions 
is much lower than the viscosity in the absence of salt. There are two ways in 
which these results can be interpreted. Either the molecules are flexible, like the 
synthetic polyelectrolytes, and change shape with ionic strength, or the molecules 
are unaltered in shape but interact with one another in the absence of salt to give 
high viscosities. Addition of salt would reduce the interparticle interaction and 
cause a lower viscosity. Evidence favoring the latter alternative, involving no al- 
terations in the shape of the molecules, comes from the recent studies of Pouyet and 























896 BIOCHEMISTRY: DEKKER AND SCHACHMAN Proc. N. A. S. Vo 
Sadron'™ ! and Conway and Butler,” who were able to demonstrate that the 
specific viscosity of DNA solutions at extremely low concentrations (below 0.001 It 
per cent) is independent of ionic strength. Since the concentrations at which they th 
worked were sufficiently low to preclude contributions to viscosity from particle as 
interaction, it is reasonable to conclude that the shape of the molecules does not we 
change with ionic environment and that the DNA molecules are rather rigid. Stud- th 
ies of the birefringence of flow of dilute solutions of DNA also indicate that the th 
particles are relatively stiff and very elongated.?" *? tit 
According to hydrodynamic theories for rodlike molecules,?* the viscosity of a of 
solution of rods is proportional to the 1.7 power of the length (or molecular weight) CO 
and the sedimentation coefficient is almost independent of molecular weight, ac- me 
tually varying with the logarithm of the molecular weight. For randomly coiled ms | 
molecules, however, the intrinsic viscosity is proportional to the 0.66 power of the 
molecular weight, while the sedimentation coefficient varies with the 0.44 power of pr 
the molecular weight.'! To discriminate further between these two shapes for he 
DNA, data were obtained at different stages of the digestion of DNA with DNase. ex 
It was found that the reduced viscosity, ns)/c, Where 7, is the specific viscosity and Za 
c is the concentration in gm/cc, decreased rapidly to low values, while the sedi- ac 
mentation coefficient varied only slightly. Although there are limitations to this bi 
type of study of particle shape, the results do provide strong evidence against the lan 
view that DNA exists as a random coil in solution. Further studies are necessary, 
however, because the change in sedimentation rate with time would undoubtedly tw 
have been faster had the measurements been made at concentrations lower than of 
those used in our studies. There is a compensating factor, however, since the tic 
‘native’? DNA exhibits a shear-dependent viscosity. Thus the zero-time results eu 
for the viscosity are too low, whereas the values after enzyme action would be more dis 
nearly correct. If the experiments were conducted at zero shear gradient, we would tic 
expect the viscosity to decrease more rapidly with time than is indicated in Figure 4. ch 
In summary, the physical-chemical evidence indicates that the DNA molecules m< 
in solution are stiff and elongated, perhaps in the form of curved, threadlike mole- tic 
cules. It is important, therefore, to examine various structural features which TI 
would account for such stiffness. D 
Changes in Intensity of Absorption of Ultraviolet Light.—-When DNA is hydrolyzed m< 
by DNase, treated with alkali to pH 11 or acid to pH 3, the intensity of absorption wl 
of ultraviolet light at 260 my increases by 32 per cent, with only a very small shift su 
in the spectrum itself.2* 7 °° Heating DNA in neutral solutions and subsequent int 
cooling also produces a marked increase in optical density, although the increase is he 
less than that observed from other treatments. The full increase of 32 per cent is th: 
observed, however, after heating for 2 minutes at 85° C. in 6 V/s urea. Urea at we 
20° C. has no effect on the optical density of DNA. dr 
Thomas”? ® and Cavalieri?® pointed out that a composite absorption curve th 
calculated from the individual absorption curves of the nucleotides and the com- he 
position of DNA shows a greater absorption than does DNA as commonly isolated. th 
The difference between the so-called ‘theoretical’? curve and the observed curve res 
vanishes when DNA is subjected to the treatments mentioned above. This indi- ine 
eates that the organization of the nucleotides in the “native’? DNA in some way fee 
causes a reduction in the absorptive capacity of the various purine and pyrimidine bo 
rings. 
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Various explanations have been offered for this reduction in absorptive capacity. 


It may be z electron interaction between ‘“stacked’’ purine and pyrimidine rings in 
the ‘“‘native’’ highly organized DNA* or the change in resonance within the rings 
as a result of the specific hydrogen bonding between rings. Both acid and alkali 
would be expected to rupture such hydrogen bonds, and it has been observed that 
the anomalous titration behavior*' *? of DNA disappears after treatment with 
these reagents. This has been attributed to the rupture of hydrogen bonds linking 
titratable groups on the purine and pyrimidine rings. Explanations for the effect 
of heat and enzyme action which likewise involve rupture of hydrogen bonds will be 
considered in later sections. It seems clear that the change in optical density is a 
measure of the breakdown of the specific organized structure characteristic of native 


. DNA. 


Effect of Heat.—Many workers have examined the effect of heat on the physical 
properties of DNA and have observed that dilute solutions of DNA which are 
heated for brief periods of time to about 85° C. and subsequently cooled no longer 
exhibit the high viscosity characteristic of “native’? DNA preparations.** ** 2% % 
Zamenhof and his co-workers** also studied the effect of heat on the transforming 
activity of the DNA isolated from Hemophalus influenzae. They found that the 
biological activity decreased in exactly the same temperature range over which the 
large reduction in viscosity occurred. 

This decrease in viscosity of solutions of DNA upon heating can be interpreted in 
two ways. It is possible that the thermal energy has caused a depolymerization 
of the macromolecules into much smaller particles. On the other hand, the redue- 
tion in viscosity upon heating can also be attributed to a coiling of the macromole- 
cule into a more compact form without a change in molecular weight. In order to 
distinguish between these alternatives, we have also studied the change in sedimenta- 
tion coefficient produced by heating solutions of DNA. If a macromolecule is 
changed from an elongated into a tightly coiled form (or from a stiffly coiled into a 
more compact form) without a change in molecular weight, the hydrodynamic fric- 
tional resistance will decrease with a consequent increase in sedimentation rate. 
Thus paired measurements of viscosity and sedimentation rate of dilute solutions of 
DNA and heated DNA could differentiate between a disorganization of the DNA 
molecule without a change in molecular weight, on the one hand, and a process in 
which there is a degradation into much smaller pieces, on the other hand. For 
such studies it is important to work at concentrations sufficiently low to minimize 
intermolecular interaction. The reduced viscosity of a 0.005 per cent solution 
heated at pH 7 for 15 minutes at 100° C. decreased from 30 (gm/100 ce) ~! to less 
than 1.0 (gm/100 cc)~'. Instead of an increase in the sedimentation rate, which 
would be expected from the amount of coiling necessary to produce such a large 
drop in viscosity, we found that measurements at 0.005 per cent DNA showed that 
the heated material had a sedimentation coefficient of about 6S, whereas the un- 
heated preparation had a value of nearly 20S. These experiments provide proof 
that the molecular weight of DNA changes from about 5 X 10° to 5 X 10% as a 
result of this mild heating procedure. Since it seems likely that such treatment is 
incapable of breaking phosphodiester bonds, it is necessary to look for structural 
features of the macromolecule which include either secondary forces, like hydrogen 
bonds, holding smaller molecular entities into some well-organized structure, or 
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easily hydrolyzed covalent bonds, such as deoxyribosyl-l-phosphates, spaced at 
roughly periodic intervals along the main chains. 

The heating experiments of Zamenhof et al.** and Goldstein and Stern** indicate 
a large temperature dependence for the rate of decrease of viscosity. The in- 
activation of the transforming principle, furthermore, exhibited about the same 
temperature dependence. From the data of Kurnick® on the change of viscosity 
with time at different temperatures, we can estimate an activation energy of at 
least 60,000 cal. A similar value can be obtained from the data of Thomas® on 
the rate of increase of optical density, at 260 mu, at different temperatures. Such 
high values for the activation energy are comparable to the values observed for 
protein denaturations. Activation energies of that magnitude are suggestive of 
co-operative phenomena involving the simultaneous rupture of many weak bonds 
such as hydrogen bonds. If the energy of an average hydrogen bond in DNA is 
taken as 3,000 cal., then the activation energy could be considered as the reflection 
of the simultaneous rupture of twenty such bonds. Evidence to be presented later 
makes it appear unlikely that covalent bonds are being broken by the heating pro- 
cedure. There is reason to conclude, therefore, that the observed degradation is 
the result solely of rupture of hydrogen bonds. This implies, of course, that DNA 
is an aggregate of fragments of smaller molecular weight, held together by the co- 
operative action of many hydrogen bonds. 

When concentrated solutions of DNA (1.0 per cent) are heated, the viscosity 
does not decrease as mentioned above for dilute solutions, but instead the solutions 
become gel-like upon cooling. Zamenhof and Chargaff* found that heating a 0.3 
per cent solution of DNA at 86° C. for 1'/2 hours yielded a solution, upon cooling, 
of much lower viscosity. Upon standing at low temperature, the viscosity of this 
solution gradually increased until it became nearly equal to the unheated DNA 
solution. Similar behavior has been reported by others.** Zamenhof and Chargaff 
also pointed out that the solution which had been subjected to heat was thixotropic, 
whereas unheated DNA solutions are not. The contrast between the two solutions 
was demonstrated further by measurements of the viscosities at different tempera- 
tures. In the range 17°-50° C. the decrease in viscosity of the native DNA solu- 
tion with temperature is almost that found for water. In contrast to this behavior, 
the viscosity of the DNA solution, previously heated to 86° C. for 11/2 hours, ex- 
hibited no apparent change in viscosity from 17° to 30° C., despite the fact that the 
viscosity of water decreases considerably over that temperature range. Between 
30° and 40° C. there was a marked decrease in viscosity, much greater than that 
found for water, and, finally, above 40° C. the viscosity change with temperature 
was again similar to that of water. These interesting results can be interpreted™ * 
as the behavior of a gel-like structure made up of molecules held together in a 
network through secondary forces. No change in the apparent viscosity is observed 
up to temperatures of about 35° C., at which point the thermal energy becomes 
sufficient to rupture the secondary forces and the gel melts. Above 40° C. the 
solution shows the behavior observed for solutions of ordinary molecules. 

End-Groups.—In view of the evidence pointing to the stiffness of the DNA 
molecule and the results of the heating experiments, which suggest that the macro- 
molecule is an aggregate of small pieces, it seems pertinent to examine the data for 
the number of terminal groups per molecule. 
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A polynucleotide chain presumably terminates at one end in a nucleoside residue 
containing one unsubstituted hydroxyl group on the sugar and at the other end 
with a monoesterified phosphate. The detection of the free sugar hydroxy! groups 
presents difficulties, inasmuch as the reagents which can be used to react with 
these groups would probably lead to degradation of the polynucleotides. There 
has been considerable study of the other terminal group exhibiting both primary 
and secondary phosphory!] dissociations. Careful titration measurements by many 
workers,*" *? > under conditions which would not produce hydrolysis of phospho- 
diester bonds, have yielded the important result that an appreciable fraction of 
phosphate radicals possess both primary and secondary titratable groups. The 
most recent studies of Peacocke and co-workers*® indicate that there is one such 
terminal phosphoryl] group for about every thirty nucleotides. This value is only 
approximate, since the interpretation of the titration curves requires accurate 
knowledge of the ionization constants of the dissociating groups of the bases and 
also the composition of the DNA in terms of the constituent nucleotides. Further- 
more, DNA is a polyvalent electrolyte, and it is also necessary to take into account 
the influence of neighboring charges on a particular dissociating group. Despite 
these limitations, the results of the titration studies constitute good evidence for 
the existence of at least one terminal phosphate group for every thirty to fifty 
nucleotides. 

Further evidence for the presence of terminal phosphate groups comes from a 
study of the binding of the cationic dye, rosaniline, to DNA.** From the binding 
curves Cavalieri and Angelos inferred that two different sites were involved in 
binding the dye and that these sites were the mono- and diesterified phosphory] 
groups of the polynucleotide chains. From the number of sites of each type, it 
has been concluded that there is on the order of one monoesterified phosphate for 
every thirty to one hundred nucleotides.** ® It should be emphasized that this 
is an equilibrium study and conclusions about the absolute amounts of the different 
types of groups cannot be made. Identification of the less frequently occurring 
sites as monoesterified phosphoryl groups is not certain, especially in view of the 
apparent insensitivity of both the binding constant and the number of sites to pH, 
just in the region of ionization of secondary phosphate groups. 

A third type of evidence concerning the amount of terminal phosphory! groups is 
obtained from the study of the action of magnesium ions on DNA as measured by 
the liberation of hydrogen ions and by changes in the ultraviolet absorption spec- 
trum.?? This interaction was regarded as a complexing of magnesium ions to both 
the monoesterified phosphoryl and nuclear amino groups of the DNA. Further- 
more, it was found that addition of magnesium ions displaces the dye molecules, 
rosaniline, bound to the ionized phosphate groups of DNA.*° From measurements 
of the liberation of hydrogen ions caused by the addition of magnesium ions, we 
can again estimate that there is one terminal phosphory! group for every twenty to 
thirty phosphorus atoms. 

Further studies toward the quantitative estimation of end-groups in DNA seem 
imperative, despite the apparent agreement of the three independent methods. 
Enzymatic methods such as those used in the study of the end-groups of ribo- 
nucleic acids seem to offer one of the best approaches to the unequivocal solution 
of this problem. Tentatively, we may conclude from the different types of end- 
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group analyses that there are between three hundred and five hundred terminal 
groups per DNA molecule of 5 X 10° molecular weight. 

Kinetics of DNase Action.—Figure 1 shows representative ultracentrifuge pat- 
terns from a series of runs at different stages of enzyme action (DNase). The 
boundaries observed are consistent with the view that the enzyme acts on the sub- 
strate in a random manner. Early in the reaction there is very little material 
present with the characteristics of DNA and, similarly, there are almost no low 
molecular weight end-products. The boundaries in the intermediate stages indi- 
cate polydispersity, as would be expected from a random attack by the enzyme. 
Low molecular weight products appear only near the end of the reaction. In 
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Fic. 1.—Ultracentrifuge patterns at various stages of the digestion of DNA (0.35 per 
cent) by DNase (0.1 y/cc). Each picture is a representative pattern about !/. hour 


Y 
after reaching speed, 59,780 rpm. The studies at 0, 1.5, and 4.5 hours were performed 
in conventional ultracentrifuge cells and the remainder in a synthetic boundary cell. All 
boundaries are moving toward the right. 


order to demonstrate the resolving power of the ultracentrifuge in this type of 
study, some untreated DNA was added to the digestion mixture at various times, 
and the resulting patterns, shown in Figure 2, demonstrate that the ‘‘native’”” DNA 
can be readily detected when present. The sedimentation coefficients and reduced 
viscosities indicate that the molecular weight decreases from about 5 X 10 to 10° 
during the course of the enzymatic digestion. 

In Figures 3 and 4 are shown the viscosity, sedimentation, and ultraviolet ab- 
sorption data as a function of time of enzyme action. As can be seen from Figure 3, 
the reduced viscosity falls to 10 per cent of its initial value in 1 hour, while the 
sedimentation coefficient hardly changes. At concentrations of 0.35 per cent DNA 
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the sedimentation coefficient actually increases initially, but this cannot be taken to 
indicate a coiling of the macromolecule. The sedimentation coefficient of DNA is 
greatly dependent on concentration, and the value at 0.35 per cent is less than half 


ULTRACENTRIFUGAL RESOLUTION OF SYNTHETIC MIXTURE 
OF DIGESTION PRODUCTS AND UNDIGESTED DNA 
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Fic. 2.—Ultracentrifuge patterns of mixtures of partially digested DNA and ‘‘native”’ 
DNA. The studies were performed immediately after adding the ‘‘native’’ DNA. 
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Fig. 3.—Kinetics of digestion of DNA by DNase as followed by viscometry, X;  ultra- 
centrifugation, @; and ultraviolet spectrophotometry, O. 


the infinite dilution value. For the partially degraded material it is likely that the 
dependence of sedimentation coefficient on concentration would be less than that 
observed for DNA. Proof of this hypothesis is shown in the second study (Fig. 4), 
where sedimentation data at two different concentrations were obtained at different 
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stages of the digestion. At aconcentration of 0.13 per cent DNA the sedimentation 
coefficient increased perceptibly during the first 5 hours, and then there was a 
decrease with time. The sedimentation coefficient at 0.04 per cent, however, 
showed a marked decrease even in the very early stages of the reaction. This 
decrease in sedimentation rate, it should be noted, is only about 20 per cent during 
the first 5 hours, whereas the reduced viscosity falls 70 per cent during this same 
time interval. As discussed previously, this behavior is to be expected for elon- 
gated molecules undergoing splitting into shorter molecules. 

In the study represented by Figure 3 there appeared to be a lag period of about | 
hour before the optical density increased. This induction period is shown more 
clearly in Figure 4. In the latter study the optical density remained constant for 
the first 15 hours, whereas the viscosity decreased to about 7 per cent of its initial 
value. Using a value of 7S for the sedimentation coefficient of the digested ma- 
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Fic. 4.—Kinetics of digestion of DNA by DNase as followed by viscometry, X; 
ultracentrifugation, @; and ultraviolet spectrophotometry, O. 


terial, we can calculate that the average molecular weight decreases to about 
100,000 before an increase in optical density can be detected. The results suggest 
that the enzymatic attack in the early stages involves a splitting of the long and 
slightly curved threadlike structure into shorter pieces. This degradation is 
accomplished presumably by the breaking of phosphodiester bonds in the backbone 
structure without altering the relationship between the purine and pyrimidine rings 
which are responsible for the ultraviolet absorption. 

Continued enzyme action produces fragments of still smaller molecular weight 
and causes the increase in optical density at 259 my first observed by Kunitz.” 
The molecular weight is about 35,000 when the increase in optical density amounts 
to 80 per cent of the total increase observed in the complete digestion of DNA. 
By the time the optical density has attained its final value, the molecular weight has 
fallen to about 5,000. From these studies we can conclude that the complex intra- 
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molecular organization, characteristic of DNA, no longer exists when the average 
molecular length is of the order of one hundred nucleotides. This estimate is, of 


course, & Maximum one, since it is based on a one-strand structure. If there are 
two strands, then the average length would be only fifty nucleotides. It seems 
likely that the number of breaks in the polynucleotide strands is large when the 
average molecular weight of the digestion products is in the neighborhood of 100,000. 
Cleavage of a few more phosphodiester bonds by the enzyme increases the number 
or proximity of breaks in the strands to a critical point at which thermal energy 
could cause the rupture of the hydrogen bonds remaining between breaks, thereby 
leading to a complete separation of the individual chains. This separation of the 
chains would be accompanied by an increase in optical density because of the dis- 
ruption of the intramolecular organization within the DNA molecule. Thus no 
direct action of the enzyme need be invoked to explain the increase in optical 
density. 

In order to learn more about the beginning stages of the enzymatic digestion, 
a third study (Fig. 5), was performed at a still lower enzyme concentration. In- 
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Fria. 5.—Kinetics of digestion of DNA by DNase as followed by viscometry, X; ultra- 
centrifugation, @; and ultraviolet spectrophotometry, O. 


itially, the change of viscosity with time was small. After + hours the rate of de- 
crease of viscosity with time became greater. Zamenhof e¢ al.** have observed a 
lag period for the change in viscosity of DNA solutions subjected to extremely low 
concentrations of enzyme. During this lag period the transforming activity of the 
preparation was almost completely destroyed. Further evidence that the enzyme 
caused structural alterations in the macromolecules during this lag period stems 
from their studies of the increase in heat sensitivity of the material as a result of 
brief treatment with enzyme.*! Although the enzyme action itself caused prac- 
tically no change in the viscosity of the DNA solutions, these solutions lost their 
viscosity upon being heated to temperatures at which native DNA is stable. 
Furthermore, the longer the predigestion of the DNA with DNase, the more 


readily was the viscosity lost upon subsequent heating. It appeared also that the 
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activation energy for the process was decreased appreciably. Since it is likely that 
the enzyme is breaking phosphodiester bonds at a constant rate during the early 
stages of the digestion process, these results suggest that the initial hydrolytic 
action of the enzyme is not so efficient in causing a decrease in viscosity as is the 
subsequent enzymatic action. Such behavior is to be expected for a two-strand or 
multistrand model in which the hydrogen bonds between the individual strands can 
hold the structure together even though breaks are being made in the strands. 
Models for DN A.—Figure 6 presents some possible models for the native DNA 
macromolecule. Evidence for the fibrous form in preference to the random coil 
has been given in detail, and we can thus eliminate model /. As indicated earlier, 
some specific structural feature must be invoked to account for the stiffness and 
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Fic. 6.—Models for the macromolecular structure of DNA. 


lack of random coiling of the macromolecule. Rigidity could result either from 
intrastrand hydrogen bonding such as has been postulated for certain fibrous pro- 
teins or from interstrand hydrogen bonding as in the model for DNA suggested by 
Watson and Crick." 2 Single-strand structures have been eliminated as a possi- 
bility because they are incompatible with the data obtained from X-ray diffraction 
studies and density measurements. We can, therefore, eliminate models /J A and 
II C from further serious consideration and focus our attention on the remaining 
models. The two-strand, intertwined, helical model, /7 B, of Watson and Crick or 
some multistrand model could account for the shape of DNA in solution. The X- 
ray evidence points strongly toward the two-strand, hydrogen bonded model, 
which, as Watson and Crick point out, would explain the titration behavior of DNA. 
Such a model would also account satisfactorily for the increase in optical density 
observed when the organized structure of DNA is disrupted. 
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A two-strand model in which the polynucleotide background is continuous 
throughout each strand is, however, incompatible with the titration and other end- 
group studies, which suggest that there are three hundred to five hundred terminal 
groups per molecule of DNA. Further evidence in conflict with a continuous, two- 
strand model is the relative ease with which the macromolecules can be degraded. 
The heating experiments, which show a reduction in molecular weight by a factor of 
one hundred, are of sufficiently brief duration to make it seem unlikely that there is 
any appreciable hydrolysis of phosphodiester bonds. In preliminary experiments 
conducted in this laboratory we have failed thus far to detect hydrogen ions which 
would be liberated if the heating at pH 7.5 actually caused hydrolysis. It should 
be noted, however, that the experimental demands are quite rigorous since we are 
dealing with the detection of quantities of the order of one micromole of hydrogen 
ion. Despite the limitations of both the measurement of the end-groups and the 
interpretation of the heating experiments, the results of these studies, when taken 
together, provide sufficient evidence to cast doubt on the adequacy of a model made 
up of two continuous polynucleotide strands. 

A simple modification of the continuous two-strand structure yields a model JJ D, 
which satisfies the requirements of the end-group studies. If at every fiftieth 
phosphorus atom there were a triply esterified phosphate leading to the No. 3 
position of the deoxyribose moiety of another nucleotide, we would have a series of 
branches which could terminate in phosphate groups which were only singly 
esterified and hence showed both primary and secondary ionizations. Such 
branched structures for DNA have been proposed by many workers.*» ** > How- 
ever, it is known that triesterified phosphates are readily hydrolyzed in dilute alkali 
even at moderate temperatures.‘? Studies by Zamenhof and his collaborators* 
with the DNA preparations possessing transforming activity demonstrate the extra- 
ordinary stability of this material to alkali up to pH 10. Even under more alkaline 
conditions, which would destroy the biological activity, there is no evidence for the 
formation of low molecular weight material. Frick*® found, for example, that 
dialysis of thymus nucleoprotein against 0.1 M sodium hydroxide resulted in only ¢ 
negligible amount of ultraviolet light-absorbing material passing through the mem- 
brane. It seems unlikely that the DNA molecules could possess one triesterified 
phosphate for every fifty phosphorus atoms and still exhibit such stability. If the 
branch points arose from deoxyribosyl-1-phosphate linkages, the resulting structure 
would almost certainly show disintegration upon heating due to the lability of such 
linkages.** Such disintegration, however, would cause a lowering of the pH of the 
solution due to ionization of the monoesterified phosphate groups created by the 
hydrolysis. As indicated earlier, no liberation of hydrogen ions could be detected. 
Furthermore, the disintegration by heat of a model like that shown in JJ D might be 
expected to produce a small but measurable amount of low molecular weight poly- 
nucleotides. Using an ultracentrifugal technique capable of detecting such frag- 
ments, we have been able to show that the disintegration of DNA by heat does not 
lead to the formation of such low molecular weight material to the extent of 1.0 
per cent of the original weight of the DNA. Further evidence against the existence 
of a branched structure for DNA comes from studies on the physical-chemical be- 
havior of concentrated solutions of DNA, especially when considered in conjunction 
with the studies on the DNA which had been subjected to heat. Since poly- 
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nucleotide chains show a tendency toward aggregation, it is reasonable to assume 
that branches in the ‘native’? DNA macromolecule would lead to an infinite, three- 
dimensional network of the type observed when concentrated solutions of DNA are 
heated to about 85° C. That the three-dimensional network in the heated solu- 
tions is the result of cross-linking through secondary forces, such as hydrogen 
bonds, is shown by the ease with which the gel melts and by its thixotropic behavior 
when subjected to shearing forces.*7 This behavior is in contrast to that observed 
for solutions of ‘native’? DNA, which is in accord with that expected of a solution of 
rigid, elongated particles. ** 

The objections to a branched structure lead to an examination of other possible 
models, one of which, // E, seems to satisfy almost all the physical and chemical 
properties of DNA. The macromolecule is considered an aggregate of poly- 
nucleotides of size consistent with the end-group analysis—i.e., one terminal group 
for approximately fifty nucleotides. These basic units of average molecular weight 
15,000 would then constitute the minimum chemical units. The chains are 
arranged in a two-strand structure, with the interruptions in the strands being 
staggered relative to one another. It is of some interest that the various methods 
of causing the dissociation of DNA into smaller units, without, it is thought, 
causing the hydrolysis of ester bonds, produce material with molecular weights of 
that magnitude. Both the mild heating experiments and mild treatment with 
acid® yield such low-molecular-weight material. With such a model, disintegration 
into small pieces would require rupture of hydrogen bonds only, and the process 
would be of a co-operative nature leading to a large activation energy. This, too, 
is in accord with the best available data. Not only can the end-group analyses be 
accounted for by such a model, but also the heating experiments on both dilute and 
concentrated solutions can be explained satisfactorily. In dilute solutions heat 
produces fragments of much smaller molecular weight, whereas in concentrated 
solutions the probability of recombination of the chains through hydrogen bonds is 
much higher, and a three-dimensional network results. It is of interest that heat- 
degraded DNA, but not enzymatically or sonically degraded DNA, shows a tend- 
ency toward repolymerization.** Partial degradation by the latter two methods 
probably causes a fission of both strands, leading to shorter, two-strand molecules. 
With heat, however, there appears to be an unraveling of the strands as a result of 
the rupture of the hydrogen bonds. The free single chains or those that are 
partially unraveled from the main structure then tend to repolymerize by hydrogen- 
bond formation between the purine and pyrimidine rings. Thus the increase in 
optical density at 260 my obtained by heating DNA solutions is less than the full 
32 per cent increase obtained by other methods. In support of this explanation is 
the demonstration that mild heating in the presence of urea, a reagent known to 
break hydrogen bonds, produces the full increase in optical density. In terms of 
X-ray diffraction the model depicted by JJ EF would appear identical to that pro- 
posed by Watson and Crick,' ? since the interruptions in the strands would not 
affect the X-ray diffraction pattern. There could still be the specificity in pairing 
of the bases which is an important feature of the model of Watson and Crick. 
Each chain in the interrupted two-strand model would be subjected to about five 
turns in the helical structure. Winding of the strands around one another as in the 
Watson-Crick model would lead to enhanced stability over a model in which the 
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strands were side by side. This could help explain why DNA is more resistant 
than proteins to reagents which normally break hydrogen bonds. The tendency of 
the molecule to expand, as evidenced by the increase in optical density and loss of 
biological activity when the ionic strength is reduced to very low values,”® * can be 
satisfactorily explained by the interrupted two-strand model. Reducing the ionic 
strength permits an increase in the effective repulsive forces due to the high density 
of negatively charged phosphate groups, and some of the hydrogen bonds are rup- 
tured owing to the expansion of the molecule. 

Probably the most crucial test of any proposed model is a kinetic study of the 
change in molecular weight of DNA as phosphodiester bonds are being broken by 
DNase. In a single-strand model each attack of the enzyme would be 100 per cent 
efficient in causing a fission of the macromolecule, as indicated by a decrease in the 
molecular weight, unless some obscure arrangement of secondary forces holds the 
pieces together. We would, in general, expect no lag period during the enzymatic 
hydrolysis of such a structure. In the digestion of a two-strand structure, there 
are two possibilities for the mode of action of the enzyme. The enzyme may, on 
the one hand, break neighboring ester bonds in both strands simultaneously. In 
that case the kinetics of degradation would be identical with those of a single-strand 
structure. Alternatively, the enzyme may attack only one bond at a time in a 
random manner, in which case a lag might be expected in the rate of decrease of 
molecular weight. As shown in the following, the length of this lag period would 
be an indication of the degree to which the two strands are continuous. In the 
continuous two-strand model the first attack of DNase on a phosphodiester bond 
(C*’—O—P) cannot cause a decrease in molecular weight unless we make the very 
unreasonable assumption that all the interchain hydrogen bonds also break as a 
result of the enzyme action. The probability that the second attack by the enzyme 
will cause a fission is of the order of 10 in 16,000, since there are roughly 16,000 
susceptible ester bonds per molecule of DNA, and fission occurs only when there is 
hydrolysis of a bond in the second strand in the proximity of that bond already rup- 
tured in the first strand. If the second attack on a molecule of DNA by the 
enzyme occurs at a bond three or even five phosphorus atoms removed from the 
one in apposition to the bond ruptured by the first attack, there will be only a few 
hydrogen bonds holding the pieces together. It seems reasonable that they will 
break owing to thermal motion, leading to a fission. After the second attack there 
will be two regions in which subsequent enzyme action can be fruitful, and the 
efficiency of the third attack will have a probability of 20 in 16,000. The fourth 
attack will have an efficiency of 30 in 16,000, and so on, until the number of breaks 
in the strands becomes large enough to require modification of this simple picture. 
With the interrupted two-strand model containing preformed breaks roughly every 
fifty nucleotides, the picture is markedly different. The first attack by DNase now 
has a probability of 10 in 50 of being effective, as contrasted to the inability of the 
enzyme to cause a fission in its first attack on the continuous two-strand model. In 
further contrast, the early attacks by the enzyme on the interrupted two-strand 
model will not cause an appreciable change in the efficiency for subsequent attacks, 
since a few breaks by the enzyme are negligible compared to the three hundred 
presumed to exist already. Thus the efficiency at the early stages of DNase action 
will remain constant for the interrupted two-strand model. 
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This type of investigation requires the use of sensitive techniques for the detec- 
tion of the hydrolysis of only a very few phosphodiester bonds. Our preliminary 
results show that only about five bonds need be broken to produce a significant 
change in the viscosity; but much more effort will be required before it can be 
concluded that the results support the interrupted two-strand model. It is hoped 
that studies of this type will provide definitive evidence in support of some specific 
model. 

It should be pointed out, in summary, that the evidence collected in this com- 
munication has its origin in the work of many investigators working with prepara- 
tions of DNA which no doubt were subjected to different influences during the 
isolation procedures. Some were more degraded than others, and this is perhaps 
the reason why the literature contains discordant results. If titration or other end- 
group studies on preparations of DNA from different sources, and especially those 
known to possess some biological activity, also showed an appreciable number of 
terminal groups per molecule, then we would be more confident about proposing 
that the ‘native’? DNA is an aggregate of smaller units held into a two-strand con- 
figuration of the type suggested by Watson and Crick. For the moment, it seems 
that the bulk of the available data on the physical and chemical behavior of DNA 
isolated by modern procedures is most nearly satisfied by such an interrupted two- 
strand model. 


* Presented at the annual meeting of the National Academy of Sciences, April, 1954; supported 
by grants from the National Science Foundation and the Rockefeller Foundation. 
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THE UNCOUPLING OF RESPIRATION AND PHOSPHORYLATION BY 
THY ROID HORMONES* 


By Freperic L. Hocut anno Frirz LIpMANN 


BIOCHEMICAL RESEARCH LABORATORY, MASSACHUSETTS GENERAL HOSPITAL, AND DEPARTMENT OF 
BIOLOGICAL CHEMISTRY, HARVARD MEDICAL SCHOOL, BOSTON, MASSACHUSETTS 


Communicated July 30, 1954 


The demonstration of the uncoupling of respiration of respiration and phosphor- 
ylation by nitrophenols! introduced a new approach to the understanding of inter- 
cellular energy regulation by exposing relatively easily accessible experimental 
means of interrupting the link between energy supply and energy utilization. 
Furthermore, with mitochondria, halophenols such as di- or tribromo or iodo- 
phenols were as active as the nitro compounds, as was first observed with arabacia 
eggs by Krahl and Clowes.> This brought particularly to our attention the possibil- 
ity of defining the activity of the physiological halophenol, the thyroid hormone, as 
likewise due to a dissociation of respiration and phosphorylation. 

Efforts therefore were started with the hope of obtaining uncoupling effects with 
thyroxine. We have reported relatively briefly on the results of these rather ex- 
tensive studies,” * 4 mainly because the picture, which developed with these ex- 
periments, although quite indicative, remained for some time inconclusive. It is 
the purpose of this paper to report in greater detail on our results, particularly the 
more recent ones. 

Loomis made the obvious attempt to duplicate the nitro, halophenol effect on 
mitochondria suspensions with thyroxine, using rabbit kidney preparations. How- 
ever, as in unpublished and published experiments, by many others, cf. e.g.,° no reli- 
able effect could be observed. It is well known, however, that the easily and consist- 
ently obtained increase in respiratory rate with tissue slices taken from thyrotoxic 
animals (Barker?) could never be reliably produced by an in vitro addition of thyrox- 
ine to normal slices. This indicated that cell membranes were relatively impermeable 
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to thyroxine and that the mitochondrial membrane shown in the electron micro- 
graph was similarly impermeable. In view of this experience with tissue slices, it 
was therefore decided to test mitochondria preparations taken from thyrotoxic rats. 


METHODS 


Rat Experiments.—Mitochondria were prepared from the liver of a freshly killed 
young male rat (Hisaw strain, Harvard Biological Laboratories) by the method of 
Hogeboom, Schneider, and Pallade,* as modified by Kennedy and Lehninger.’ 
The chilled liver was expressed through a fine grill in a stainless-steel tissue press, the 
pulp suspended in cold 8.5 per cent sucrose, and treated in a Potter glass homoge- 
nizer. The volume was adjusted to 100 ml. with 8.5 per cent sucrose, and centrifuga- 
tion was performed three times at 600 g for 5 minutes each to remove easily sedi- 
mented structures. 

To the homogenate supernatant fluid 10 ml. of 1.5 N KCl containing 0.1 N 
NaHCO; were added, the suspension allowed to stand 10 minutes, and centrifuga- 
tion at 3,000 g continued for 20 minutes. The sedimented mitochondria were 
washed in 0.15 N KCl containing 0.01 N NaHCO;. This was repeated, and the 
last sediment was suspended in 0.15 N KCl to give a dry weight of approximately 
10 mg. of mitochondria per 0.5 ml.; the Qo, values given here are based upon such 
weights. 

The reaction mixtures for measurement of oxidation and phosphorylation 
contained 2 4M ATP (Pabst); 1 4M DPN (Pabst); 0.02 uM cytochrome c (Sigma); 
10 uM MgCl; 40 uM phosphate; 1.2 mM glycylglycine; and 50 uM substrate. 
The pH was adjusted to 7.4 with KOH. The side arm of the Warburg vessels con- 
tained 9.1 ml. of purified yeast hexokinase, step 3a, and 0.1 ml. of 1 M glucose 
(acceptor system). The total volume, after the addition of 0.5 ml. of mitochondrial 
suspension, was 3.0 ml. 

The contents of the main chamber of each Warburg vessel were duplicated in a 
10-ml. Erlenmeyer flask; these represented the “‘zero-time” samples. All flasks 
were equilibrated at 30° for 5 minutes immediately after addition of the mito- 
chondria to the reaction mixture. The Warburg systems were sealed, and respira- 
tion was measured for 10 minutes without acceptor system (Qo2~4). The Erlen- 
meyer flasks then received 6 per cent TCA; the acceptor system was concomitantly 
tipped into the main compartment of the Warburg flasks and respiration measured 
for another 20 minutes (Qo,*“). The reaction was stopped with 6 per cent TCA. 
The contents of all flasks were adjusted to 12-ml. volume with 6 per cent TCA and 
centrifuged. Aliquots from the zero-time flasks and the Warburg flasks were 
analyzed for content of inorganic phosphate.'! The difference (— P;) was calculated 
and the P/O ratio derived from the respiration during the presence of acceptor sys- 
tem: —P; uM per vA oxygen uptake. 

Experimenis with Hamsters——Young male Syrian hamsters (Golden Nugget 
Hamstery, Maynard, Massachusetts), weighing between 85 and 120 gm., 
were used. Three or four hamsters were killed by stunning and decapitation, and 
their livers were treated as in the rat experiments. 

Mitochondria were derived from the homogenate by one of two methods. Saline 
preparations were made as described. Sucrose preparations were prepared by cen- 
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trifuging the homogenate suspension at about 8,000 g in a Servall centrifuge in a 
refrigerated room at 2° for 20 minutes. The pellet was washed in 8.5 per cent su- 
crose and centrifugation repeated at 8,000 g for 10 minutes. The final pellet was 
suspended in 8.5 per cent sucrose to give a dry weight of approximately 10 mg. 
of mitochondria per 0.5 ml. Qo2 values were based on dry weight. 

Preparation of Thyroxine Solutions.—For the in vivo experiments, DL-thyroxine 
(Hoffmann-La Roche) was dissolved in a minimum amount of 2 NV NaOH and 
diluted with sterile distilled water to a concentration of 4 mg. per 0.5 ml.; the pH 
was approximately 8. The solution for injection into control animals contained a 
similar amount of NaOH and was similarly diluted. Male rats were subcutaneously 
injected with 0.5 ml. of freshly prepared thyroxine or NaOH solution in the ventral 
aspect of the thigh and received 4 mg. of thyroxine on the first day and 8 mg. on the 
second, third, and fourth days. They were sacrificed on the fifth day. 

For the in vitro experiments, thyroxine and other phenolic compounds were dis- 
solved in 0.2 ml. of freshly prepared 0.02 N NaOH per milligram and diluted with 
distilled water; the pH was approximately 8. Control solutions contained a 
similar dilution of NaOH; the pH was approximately 10. When these solutions 
of thyroxine were in contact with the reaction mixture (buffered at pH 7.4), a pre- 
cipitate was formed. 

The solutions of thyroxine and other compounds were added to mitochondria by 
one of the following methods: (a) Preincubation: once-washed sucrose mitochon- 
dria or twice-washed saline mitochondria were suspended in cold 8.5 per cent 
sucrose or 0.15 N KCl with thyroxine and shaken in Lusteroid centrifuge tubes for 
7 minutes in a water bath at 17°. The mitochondria were then sedimented by 
centrifugation, resuspended in sucrose or KCI solution, and assayed for respiration 
and phosphorylation. (b) Direct incubation: the thyroxine solution was placed in 
the main chamber of the Warburg vessel; the mitochondrial suspension was added 
to the reaction mixture and the resultant suspension aliquoted into the Warburg 
vessels. Respiration and phosphorylation were measured at 25° after a period of 5 
minutes for equilibration. (c) Without incubation: thyroxine solution was tipped 
in with the acceptor system, allowing no time for incubation of mitochondria with 
the hormone before measurement of phosphorylation began. 

The acceptor system was added by tipping in either immediately or after 10 
minutes to allow observation of acceptor-less respiration (Qo, “). 

Distribution of I'*'-labeled Sodium L-Thyroxine or Sodium L-Triiodothyronine 
(Abbott Laboratories) between Mitochondria and Suspending Medium.—Mitochondria 
were prepared in saline or sucrose media as described and suspended in a solution 
containing all ingredients of the reaction mixture excepting the substrate and ac- 
ceptor system. The suspension was weighed on an analytical balance, and 0.2 ml. 
aliquots were removed and weighed in tared metal-dish planchettes. The sus- 
pension was then centrifuged at 17,000 rpm for 5 minutes at 2°. The supernatant 
fluid was decanted and weighed. The sedimented materials were resuspended and 
dissolved in 0.01 N KOH after the mixture had been weighed. Aliquots of ap- 
proximately 0.2 ml. were then removed from the supernatant fluid and from the 
mitochondrial solution and weighed in tared planchettes. All samples on plan- 
chettes were dried under an infrared lamp after addition of one drop of 6 N KOH 
and their radioactivity estimated (Tracer Lab Autosecaler). All aliquots were 
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taken in triplicate and mean values used for calculation of total counts in each 
fraction. 

Reproducibility of Qo, Determinations and P/O Ratios.—Table 1 shows the results 
of eight duplicate runs. The Qo, values with rat liver mitochondria and glutamate 


TABLE 1 


NorMAL Run IN Eraut Dupuicates, Rat LIVER 
MITOCHONDRIA WITH GLUTAMATE AS SUBSTRATE 


2. P/O Qo. P/O 
57.8 2.26 54.9 2.31 
51.0 2.64 56.9 2.20 
58.0 2.14 50.7 2.50 
19.8 2.63 : 

57.5 2.17 Av. 54.8 2.36 


varied by 16 per cent between 49.8 and 58. The P/O ratios ranged from 2.14 
to 2.63. It is concluded that P/O differences have to be of the order of 30 per cent 
to be significant. 


EXPERIMENTAL RESULTS 
Inhibition of the Phosphate Acceptor Effect on Respiration with Liver Mitochondria 
of Thyrotoxic Rais.—Niemeyer ef al.*: '° used for these experiments rats that had re- 
ceived injections of | mg. of thyroxine on four consecutive days. The liver mito- 
condria suspension was prepared on the fifth day in a manner described by Crane 
et al.'* The results, which have been briefly reported, are summarized in Table 2. 


‘ TABLE 2 
AccEPTOR EFFECT ON NORMAL COMPARED WitH TuyrotToxic LiveER MrrocHONDRIA 
—Qo; oe 
WirHnour With 
ACCEPTOR ACCEPTOR A P/O 
SYSTEM SYSTEM * (PER CENT) Ratio 
Normal (8)t 19 27 +42 2 
Thyrotoxic (9) 28 29 + 4 2 


* Glucose and yeast hexokinase. 
+ Number in parentheses gives number of experiments. 


From this series cf experiments a consistent, although subtle, difference between 
the thyrotoxic and the normal preparations appeared in average values for the 
respiration of acceptor-free systems. The thyrotoxic preparations, when compared 
to normal, showed a 47 per cent increase in respiratory rate (first column of Table 
2). Significantly, the respiratory increase of the thyrotoxic mitochondria mani- 
fested itself only in the absence of acceptor. The addition of the acceptor system, 
glucose-hexokinase, wiped out the difference by increasing normal respiration to the 
level which the thyrotoxic preparation reached without acceptor. 

The Qo, data showed, therefore, that the thyrotoxic preparation already respired 
maximally without phosphate acceptor (compare the second column in Table 2). 
This absence of the acceptor effect was interpreted to indicate uncoupling between 
phosphorylation and respiration in the thyrotoxic preparation. Actually, it was 
during this comparison of normal and thyrotoxic mitochondria that we first became 
aware of the remarkable respiratory activation due to the removal of energy-rich 
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phosphate from the system.” '* Similar observations have been reported from 
other laboratories. '4 

The fact that in the thyrotoxic liver mitochondria the acceptor effect was prac- 
tically wiped out, while the P/O ratios in the same preparation did not show a de- 
crease, indicated to us that the acceptor response should represent a finer indicator 
for uncoupling than the effect on P/O ratios. It is considered to show a disturb- 
ance in the initially reversible balance between electron transfer and phosphate- 
bond generation, a disturbance, however, not strong enough to show up in the less 
sensitive test for P/O ratio. Such an interpretation is supported by experiments 
with lower concentrations of dinitrophenol. It may be seen in Table 3 that 10-> M 


TABLE 3 


INHIBITION OF ACCEPTOR Errect BY Low CONCENTRATIONS OF DINITROPHENOL 


Vos a 
DINITROPHENOL WITHOUT With INHIBITION INHIBITION 
M/L ACCEPTOR ACCEPTOR (PER CENT) P/O (PER CENT) 
0 16 30 2:2 
1Q-5 27 31 72 | yj 23 
2 10° 31 36 70 i] 50 


causes the (a,~*) to rise nearly to the acceptor value, while the P/O ratio is only 
slightly affected, and even at the higher concentration the acceptor effect is still 
more pronounced than the reduction in P/O ratio. 

Under optimal conditions, the respiratory block in the absence of a phosphate 
acceptor may be remarkable. As shown in Table 4, occasionally preparations are 


TABLE 4 
NORMAL RESPIRATORY STIMULATION BY ACCEPTOR SYSTEM 


- Q5.->-——— : 
WITHOUT . With ACCELERATION 
SUBSTRATI ACCEPTOR ACCEPTOR FACTOR 

Hydroxvbutyrate t.0 26.4 6.6 
Hydroxybutyrate 15.4 24.0 1.6 
Glutamate 9.4 55.8 5.9 
a-Ketoglutarate 15.3 51.2 3.3 
Gluconate 24.1 71.0 2.9 


encountered which are practically completely blocked for hydrogen transport if no 
escape mechanism for the generated phosphate 


bond is provided. Similar observations were HYDROGEN PHOSPHATE 
14°67 : : ats DONOR ACCEPTOR 

made by Lardy et al. The situation is illus- a fl 

trated by the scheme of Figure 1, indicating very 2€ ~P 


generally the interdependence of the flow of elec- 
trons from high to low potential with the conver- 
sion of inorganic phosphate to energy-rich phos- 


phate (~P). The block of hydrogen transfer, if eateaiis 
~P is not removed and thus allowed to revert, 7 

may then be interpreted as indicating reversi- 

bility in a “leakproof”? system. On the other p oe 
hand, the fact that quite frequently in the absence “ 
of phosphate acceptor system high respiratory OXYGEN 


rates are found, emphasized the difficulty in 
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obtaining undamaged preparations which do not show a slight uncoupling. 
The incomplete uncoupling, indicated by a persistence of normal P/O ratios in 
spite of an abolished acceptor effect, may be the normal event in milder thyrotoxi- 
cosis, resulting in a respiration which is not controlled so rigorously by the demand 
of energy as it isin the normal. The economical value of the acceptor effect as the 
regulation of output by demand is rather obvious, and its partial breakdown will be 
sufficient to explain the wasteful respiration in the hyperthyroid animal. 
Depression of P/O Ratio in Liver Mitochondria of Thyrotoxic Rats.—Our efforts to 
relate thyroxine action to uncoupling of phosphorylation had thus been partially 
successful. Meanwhile, Martius and Hess had become interested in this problem, 
and they were able to obtain more radical effects by using higher concentrations of 
thyroxine in vivo.'® Furthermore, by an in vitro procedure involving preincuba- 
tion of mitochondria with thyroxine under slightly damaging conditions, uncou- 
pling with thyroxine was similarly obtained. In their experiments the respiratory 
incorporation of radioactive phosphate into ATP was usually used to measure phos- 
phorylation, following the method of Friedkin and Lehninger.'* Using the dosage 
formula of Martius and Hess, we were able to repeat and amplify their results. 
In a series of rat experiments, as shown in Table 5, a depression of P/O ratios was 


TABLE 5 
DEPRESSION OF P/O Ratio witH LivER MITrocHONDRIA OF THyROoTOXIC Rats* 





0%. 
Witrnovut ? WitH 

SUBSTRATE TREATMENT ACCEPTOR ACCEPTOR P/O 
a-Ketoglutarate Normal (8)7 21.2 34.6 1.69 
Control injected (4) 19.8 32.8 1.66 

Thyrotoxic (4) 27.4 29.7 0.80 

Glutamate Control injected (4) 18.0 38.6 1.78 
Thyrotoxic (4) 27.4 33.6 1.06 

8-Hydroxybutyrate Control injected (4) 19.3 31.5 1.42 
Thyrotoxie (3) 25.0 2.) 0.19 


* Thyroxine injected: first day, 4 mg.; second, third, and fourth days, 8 mg.; assayed on fifth day. 
+ Number in parentheses gives number of experiments. 


observed” with various substrates and most pronouncedly with 6-hydroxybutyrate 
as substrate. With hydroxybutyrate as substrate, phosphorylation was practically 
completely suppressed in the thyrotoxic mitochondria, demonstrating that thy- 
roxine, like dinitrophenol, could disrupt energy transformations over the whole 
potential range of respiratory electron transfer. It may be noticed, furthermore, 
in Table 5 that, in confirmation of Niemeyer et al.,” '* the acceptor effect. was nearly 
abolished with all substrates used. It must be added here that, even with this 
high dosage, only occasionally was a series of animals encountered in which the 
effects were as pronounced as reported in Table 5. 

In Vitro Effects of Thyroxine on Hamster Liver Mitochondria.—In spite of now 
being increasingly successful in obtaining uncoupling with preparations from in vivo 
treated rats, we still had not succeeded in doing so with in vitro application of 
thyroxine to our rat liver mitochondria. Suspecting a dependence of success on 
particular properties of the mitochondria, possibly peculiar to the rat strain used 
by Martius and Hess, we turned to another animal and tried the hamster. Using 
analogously prepared hamster mitochondria, it appeared soon that with hamster 
liver mitochondria, on incubation with thyroxine, in vitro effects were obtained 
regularly and unfailingly. 
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The effect of various concentrations of thyroxine is shown in Table 6. Glutamate 
was used as substrate. The P/O ratio is increasingly reduced with thyroxine con- 
centrations between 10-° and 10-4 M. This concentration range is similar to that 
for dinitrophenol (cf. Table 3). 
In Table 7 experiments are shown with a constant concentration of thyroxine, 
10-* M, and various substrates. The depression of P/O ratios is more or less pro- 


TABLE 6 
In Vitro EFrrects oF VARYING CONCENTRATIONS OF L-THYROXINE WITH 
Hamster Liver M1itTocHoNnpRIA* 


L-THYROXINE Qos P/O 
Control 57.7 2.72 
5 X 10-§M 54.7 2.69 
10>M 49.2 2.39 
5 X 10°M 37.5 0.41 
10-4M 26.8 0 


* Temperature, 25°; substrate, glutamate 50 uM. 


nounced, depending on the substrate. The effect is least with a-ketoglutarate. 
This is not too surprising, since, as shown by Hunter," using this substrate with dini- 
trophenol, a considerable residue of phosphorylation remains. Hydroxybutyrate 
and succinate as substrates, however, give complete uncoupling. 

In Tables 6 and 7 there appear peculiar differences in the in vitro effect of thy- 
roxine on respiratory rates with different substrates, which must be pointed out, 
although we have no ready explanation for them. With hydroxybutyrate, the 
normally relatively low Qo, is consistently increased with thyroxine. With gluta- 
mate, ketoglutarate and succinate, thyroxine, however, more or less inhibits respira- 
tion. This seems peculiar to the in vitro application and does not apply to the 
mitochondria from thyrotoxic animals, even if the P/O ratios are low (cf. Table 6). 
In relation to the different permeability characteristics for thyroxine, it is sig- 
nificant that, in contrast to our rat preparations, the washed and isolated hamster 
liver mitochondria are deficient in DPN and cytochrome c. This deficiency 
manifested itself particularly in the presence of thyroxine and has been noted for 
DPN with other uncoupling agents. In Table 8 the effect of diphosphopyridine- 


TABLE 7 


In Vitro Errects OF THYROXINE WITH LivER MITOCHONDRIA OF NORMAL HAMSTERS 
AND VARIOUS SUBSTRATES 








> Qo: eae aii 
THYROXINE THYROXINE 
SUBSTRATE 10-4 M ~ 10-4 M - 
Glutamate 49.8 55.8 0.73 2.56 
a-Ketoglutarate 46.8 51.2 1.55 2.65 
8-Hydroxybutyrate 37.4 24.0 0 2.19 
Succinate 57.4 70.5 0 1.79 
Octanoate 39.3 56.4 0.47 1.73 


nucleotide (DPN) addition on normal and thyroxine-treated hamster preparations 
isshown. The respiration is stimulated also in the control by pyridine nucleotide, 
but the effect is much stronger in the presence of thyroxine, indicating the additional 
damage apparently caused through thyroxine and probably partly due to the de- 


pression of phosphorylation. When DPN is added, however, thyroxine actually 
increases Qo,, parallel with a decreased P/O ratio. In Table 9 analogous experi- 
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ments with the omission and addition of cytochrome ¢ are shown. The cytochrome 
effect is similar but not as marked as that of the pyridine nucleotide. In all hamster 
experiments, therefore, DPN and cytochrome c¢ were added to the suspending me- 
dium. (These cofactors had also been added to the rat preparations because of the 
findings of Drabkin?® that the cytochrome ¢ content of rat liver changed with thy- 
roid activity.) The need for a supplementation with pyridine nucleotide and cy- 
tochrome ¢ indicates a leakiness of the hamster mitochondria, which, on the other 
hand, explains the consistent thyroxine effects, because it permits penetration of 
the thyroid hormone into the mitochondria. If, however, the suspension is main- 


TABLE 8 
Errect or AppED DPN on Hamster LiveR MirocHONDRIA 











ADDITIONS Qo, P/O 
3.3 x 10°4M DPN + = + = 
CONTROL 18.6 11.6 1.93 2.46 
104M DL THYROXINE} 24.3 3.7 ie} 0 

















SUBSTRATE ' BHYCROXYBUTYRATE 


TABLE 9 
Errecr OF ADDED CyTOCHROME C ON HAMSTER MITOCHONDRIA 











ADDITIONS Qo, P/O 
10°5 M CYTOCHROME C + - + - 
CONTROL 20.2 16.1 2.32 2.40 
10°*M DL THYROXINE 26.5 10.7 O11 (e) 

















SUBSTRATE : 8 HYDROXYBUTYRATE 


tained throughout in the more protective sucrose medium, the thyroxine effect prac- 
tically vanishes with glutamate and is weaker even with hydroxybutyrate. A 
comparison of the effects in saline and sucrose, respectively, is shown in Table 10. 
As shown in the lower part of Table 10, a metabolic effect in the sucrose medium 
may be obtained only by preincubation with thyroxine. These results further con- 
firm a dependence of the thyroxine effect on permeability conditions. 

Comparison of the Effects of Thyroxine and Triiodothyronine.—Through the work 
in particular of Gross and Pitt-Rivers,?! triiodothyronine was shown to be three to 
five times as active as thyroxine in animal experiments. It was therefore of interest 
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to test the relative activity of these compounds in the in vitro system. As shown in 
Table 11, with hydroxybutyrate as the substrate, triiodo- and tetraiodothyronine 
inhibit. at similar concentration levels, with the triiodo-compound slightly less ac- 
tive, however, in this in vitro system. It may be noted that the respiratory effect 
with triiodothyronine is greater than with thyroxine; the triiodo-compound may be 
less damaging to the preparation. As shown, perhaps somewhat more clearly, in 
Figure 2, with glutamate as substrate, the inhibition curves for tri- and tetraiodo- 
thyronine are rather parallel, although the triiodo-compound again appears less 


TABLE. 10 
DEPENDENCE OF THYROXIN HXFFECT ON MiTOCHONDRIA PREPARATION AND SUBSTRATE 











TYPE OF cinta APPLICATION OF |NO.OF - 
PREPARATION THYROXIN 10°M/L| Exe | [2 F/O 
SALINE GLUTAMATE NONE 15 | 55.0 | 2.47 
PRE-INCUBATED| 8 | 42.9 | 1.17 
DIRECT 7 | 42.1 090 
B~- HYDROXY - NONE i4| 21.4 | 216 
BUTYRATE |PRE-INCUBATED| 7 | 240 | 047 
DIRECT 7 | 272 05! 
SUCROSE GLUTAMATE NONE 7 | 515 | 260 
PRE-INCUBATED | 3 | 403 048 
DIRECT 4 | 433 2.29 
B- HYDROXY - NONE 6 | 242 2.16 
BUTYRATE DIRECT 6 | 277 1.15 


























TABLE 11 


In Virro Errects oF THYROXINE AND TRIIODOTHYRONINE ON NORMAL HAMSTER LIVER M1rocHon- 


DRIA* 
—__——_P/0——______—_— J, —— 
L-Tuy- TRi0D0- L-Tuy- TRIIODO- 
CONCENTRATION CONTROL ROXINE THYRONINE CONTROL ROXINE THYRONINE 
10-4M 2.25 0.59 biaA i) 24.1 28.9 
5 X 105M 220 0.49 1.61 22.1 29.3 32.4 
10-°M 1.78 1.89 2.08 25.2 20:5 22.8 


* Glucose-hexokinase is used as a phosphate ‘‘acceptor’’ system. 


effective. In the whole animal the triiodothyronine, although more active, seems 
to show a more transient activity than the tetraiodo-compound,” indicating that 
the outer cell wall may be more permeable to the triiodo- than to tetraiodothyro- 
nine. With easier permeation a greater over-all activity could be reconciled with a 
somewhat lesser effect on the mitochondrial system. This would be in parallel 
with the general experience with halophenols® that a higher halogen content runs 
parallel with greater activity. A further illustration of the importance of the perme- 
ability factor with iodinated phenols is presented by comparison of free diiodopara- 
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3.0/- THE IN VITRO EFFECTS OF L-THYROXINE 


AND OF TRIIODOTHYRONINE ON 
HAMSTER L/VER MiTOCHONORIA 








SUBSTRATE: GLUTAMATE 




















P 
0 
TRIIODOTH YRONINE 
1.Ofr- 
L- THYROXINE 
if 
’ sx ££ « @ 
CONCENTRATION: Mx 10-9 
Fia. 2 
TABLE 12 
Errect or Butyt-3,5-Dlm0p0-4-HYDROXYBENZOATE ON MITOCHONDRIA 
— — se TYL ESTER ( - ———_——————— 
= 3X 10-5 10-4 
QO: 11 - 24 26 
QO. with aeceptor* 27 24 27 24 
P/O 3.2 al 0.3 0 


* Glucose pluse hexokinase. 


DIsTRIBUTION OF [!3!-LABELED 


PREPARATION OF 


ANIMAL MITOCHONDRIA 
Hamster Saline 
Frozen and thawed 
Sucrose 
Rat Saline 


Protamine-desoxyri 


TABLE 13 


THYROXINE BETWEEN MITOCHONDRIA AND SUSPENDING 


bo- 


nucleic acid precipi- 


tate, pH 7.4 


Mep1ia* 


ADDITIONS 
L-Thyroxine, 10-4 M 
L-Thyroxine, 2 X 10-§ M 
Triiodothyronine, 10~4 M 
L-Thyroxine, 10-4 M 
L-Thyroxine, 1074 M 
Triiodothyronine, 10~4 
L-Thyroxine, 10~* M 
Triiodothyronine, 10-4 M 


Thyroxine, 10-4 M 


P/O 
(PER 
Per CENT oF TOTAL CENT 
Counts OF 
MiTo- Con- 
CHONDRIA SUPERNATE TROL) 
83.7 16.4 65 
80.1 19.9 
90.8 10.0 
62.1 33.4 72 
41.6 54.1f 100 
77.6 21.3 a 
45.0 56.1 6 
73.0 25.3 8 
(150 29.0 


* Three to four per cent mitochondrial suspension in a mixture containing 0.04 M glycylglycine, 0.0007 M 

ATP, 0.013 M phosphate, 0.025 M KCl, ie 

spun down at 2° at 17,000 rpm for 5 min 
+ Cloudy supernatant fluid. 


10-5 M cytochrome ¢, and 3.3 X 10-4 M DPN; pH = 
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hydroxybenzoate, with its butyl ester, the latter being also known as a thyroxine 
analogue.?*: 74 

In Table 12 uncoupling is shown with the butyl ester at 10~-° WM. However, as 
shown in Figure 3, the free acid uncouples rather poorly if at all. There is, there- 
fore, at least a thousand fold increase in activity observed with esterification, pre- 
sumably due to the greater ease of penetration of mitochondria by the ester. 

Distribution of Thyroxine and Triiodothyronine between Medium and Mito- 
chondria.—Since thyroxine and also triiodothyronine show tendencies of coprecipi- 
tation, it was important to estimate the actual concentration of thyroxine in 
equilibrium with the mitochondria suspension. For this purpose data on the 
equilibration of radioactive thyroxine and triiodothyronine with mitochondria were 
obtained. In Table 13 the results of such experiments are shown (cf. ‘‘“Methods’’). 
Although somewhat erratically, the major part of thyroxine attaches itself to the 
mitochondria; 80-90 per cent of the thyroxine may be carried down by the corpus- 
cular material. From the last column of Table 13 it may be seen, furthermore, 
that there appears to be no correlation between the metabolic effect and the ab- 
sorption of thyroxine on the mitochon- 
dria. As much thyroxine was carried EFFECT OF FREE Di-I0D0-p-HYDROXY 
down by rat mitochondria which did not BENZOATE 
show any appreciable uncoupling as with 
the uncoupled hamster particles. These 
data show the difficulty of assessing ex- 
actly the concentration of thyroxine in- 
side the mitochondria. 


PERCENT OF CONTROL 


COMMENTS 





For evaluation of the situation in the 
living animal the experiments with prepa- or 
rations from thyroxine-treated animals = * & & Sams 
seem moresignificant than those obtained AE DIG se Soe 
in vitro. While the essential parallel be- Fic. 3 
tween the in vivo and in vitro data makes 
it a safe conclusion that in both cases we are dealing with the same effect, the rather 
high concentrations of thyroxine needed in the in vitro experiments indicate that 
the actual concentration inside the mitochondria is probably considerably smaller 
than the concentration in the medium. This is illustrated by the results on the 
distribution of radioactive iodinated compounds between mitochondria and super- 
natant. Thyroxine deposits on the mitochondria independent, however, of meta- 
bolic action. On the other hand, the fact that mitochondria suspensions taken from 
thyroxine-treated animals remain uncoupled after having undergone isolation and 
extensive washing makes it apparent that once thyroxine has entered the mito- 
chondria it is bound very tightly and not easily removed. 

One of the most interesting phenomena which have come to light during these 
studies is the reciprocal relationship between respiratory rate and phosphate-bond 
release. As a regulatory feature of energy turnover, this gearing of output by de- 
mand is impressive. Experimentally, a disturbance of this regulation appears to be 
& more sensitive indicator for uncoupling than the measurement of P/O ratios. 
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This is understandable if we realize that the acceptor system, hexokinase-glucose, is 
applied in considerable excess and will therefore extract a maximum of phosphate 
bonds, even from a slightly uncoupled system. But a disturbance of the regulation 
of the energy output by demand will be sufficient to explain much of the sympto- 
matology of at least milder forms of thyrotoxicosis. Therefore, the mere absence 
of the acceptor effect in the thyroxine-treated animal is significant. 

On the other hand, theoretically it is important that in vitro experiments as well 
as in vivo experiments have shown that the coupling mechanism may be completely 
disrupted by thyroxine. It is well known that three or more phosphate bonds may 
be formed for every passage of a single pair of electrons from substrate to oxygen. 
This has been interpreted to imply a series of independent conversion mechanisms 
on successive oxido-reduction levels during the electron passage. In view of this 
scheme an interference by thyroxine of one specific step has been an attractive 
postulate.'* ' However, a reduction of P/O ratios to zero level excludes such a 
mechanism.” 

Indeed, in view of this potentially all-or-none effect of most uncoupling reagents, 
including thyroxine, it appears likely that an extensive pooling occurs between 
the various oxido-reduction levels, which, through an eventual transphosphoryla- 
tion step, connects with the adenylic acid system. 

In order to describe through the uncoupling effect the normal as well as the toxic 
action of thyroxine, some difficulties seem to arise. The symptomatology on the 
enzyme level fits very well with the toxic manifestation of thyroxine. On the other 
hand, the effect of thyroxine on the athyroid animal has in some manner to be rec- 
onciled with the uncoupling action. There can be no doubt that in this phase of 
activity the thyroid hormone promotes growth and increases the rates of syntheses 
as shown, e.g., by acceleration of amino acid incorporation.”® It may, however, be 
argued that, for an orderly synthetic activity, balance is needed between hydro- 
genation and condensation reactions. Considering, for example, fatty acid synthe- 
sis, this would become impossible if all substrate hydrogen were forced into conver- 
sion to phosphate-bond energy. No hydrogen, then, would remain available for 
the two hydrogenation reactions which have to follow every condensation step. 
It may thus be visualized that the hormone regulates the system in such a manner 
as to allow enough hydrogen to escape transformation to balance properly hydro- 
genation and condensation against each other. In this manner a loosening of a 
tight coupling would be beneficial and would indeed allow synthetic reaction to 
proceed more smoothly. 

* This investigation was supported in part by a research grant from the National Cancer In- 
stitute, of the National Institutes of Health, Public Health Service; the Life Insurance Medical 
Research Fund; and the Rockefeller Foundation. 

+ Research Fellow of the Jane Coffin Childs Memorial Fund for Medical Research. Present 
address: Biophysics Research Laboratory, Department of Medicine, Harvard Medical School, 
and Peter Bent Brigham Hospital, Boston, Massachusetts. 
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EXPLANATORY FOREWORD 
By L. V. BERKNER* 
ASSOCIATED UNIVERSITIES, INC., NEW YORK 


The interest of the NaTtionaL ACADEMY OF ScrEeNcEs and of the Nationa Re- 
SEARCH COUNCIL in geophysics goes back a great many years. The first annual 
meeting of the American Geophysical Union was held in Washington, D.C., under 
their auspices on April 23, 1920, and there was presented thereat a symposium pre- 
pared by the Chairmen of Sections of the American Geophysical Union under the 
title “A Survey of Research Problems in Geophysics.’’ This symposium was 
printed in these PRocEEDINGS, 6, 545-601, and is believed to have been useful in 
the development of geophysics in this country during the past three decades. 

The opportunity for close collaboration of scientific investigators on the details 
of our terrestrial environment can come to man only about once in his active life- 
time. The problems and the cost of international arrangement for world-wide 
synoptic observation of this environment are imposing. Consequently, only twice 
in the last seventy years have ‘‘World Years’’ been observed for geophysical ob- 
servation. A third such opportunity, during 1957-1958, is now approaching. 
Under the leadership of the International Council of Scientific Unions, thirty-two 
nations have already signified their intention to join in an International Geophysical 
Year. The organization for this effort is now well advanced. ! 

This rare opportunity has excited scientists to re-examine critically our current 
knowledge of the earth and the potentialities of new scientific tools to extend vastly 
this knowledge in the context of intimate international collaboration. This 
symposium is a part of the appraisal that is precedent to the most fruitful exploita- 
tion of the forthcoming opportunity. Only a few of the many aspects of our geo- 
physical knowledge can be explored here. Nevertheless, the privilege accorded to 
the symposium by the Academy serves to illustrate the importance of the approach- 
ing Geophysical Year and the status of our progress as we enter into this great 
scientific endeavor. 

* Vice-chairman, ICSU Comité Spécial Année Géophysique Internationale. 
1 Science, 119, No. 3096, 569-575, April 30, 1954. 








THE INTERNATIONAL GEOPHYSICAL YEAR AND SOME 
AMERICAN ASPECTS OF IT 


By SYDNEY CHAPMAN* 
OXFORD UNIVERSITY 


As far as I know, this is the first meeting devoted by a national academy of 
science to public discussion of the International Geophysical Year. We believe 
that mankind the world over will reap many benefits from this great enterprise. It 
is our duty to gain for it the interest and approval of the community, which directly 
and indirectly will provide the resources for it. We must help the public, both 
general and scientific, to understand our purposes and our plans; past experience 
shows that by so doing we may evoke valuable new ideas for our program. 

At Rome next September I hope to speak especially on the international aspects 
of the Geophysical Year. At this meeting it is natural for me to dwell more on some 
American aspects of the undertaking. 

The Geophysical Year is the child and the grandchild of two earlier great inter- 
national enterprises, the first and second International Polar Years. The proposal 
for the first of these, in 1882-1883, is ascribed to an Austrian arctic scientist, Wey- 
precht. The second, fifty years later, was suggested by Georgi in Hamburg. The 
proposal for a third Polar Year, not fifty but twenty-five years after the second, 
was made by Lloyd Berkner in April, 1950, to a small group, meeting socially, at 
Silver Spring, Maryland. 

In 1950 and 1951 this proposal was brought before four international scientific 
bodies, including the Unions for Scientific Radio (URSI), Astronomy, and Geodesy 
and Geophysics. All of them indorsed it, and the proposal was amplified and recom- 
mended to the International Council of Scientifie Unions (ICSU). Meeting 
here at the Academy in October, 1951, the International Council approved the 
recommendations and decided to appoint an international committee to develop 
the plans for the enterprise. The committee, at first very small, was appointed in 
May, 1952, when invitations also were issued to the member nations of the Inter- 
national Council, and to Russia, to form national committees to plan their part in 
the work. Later in 1952 the International Council widened the scope and title of 
the enterprise, which became the International Geophysical Year. 

During 1952 and the first half of 1953, the international unions concerned in the 
Geophysical Year, the World Meteorological Organization, and many individual 
nations appointed committees and prepared preliminary programs. The inéer- 
national committee for the Geophysical Year met late in 1952 and decided that the 
“Year” should extend from August (now changed to July), 1957, to December, 
1958, inclusive. The committee met again, much enlarged, in July, 1953, to con- 
sider the preliminary programs sent to it by the national and international bodies 
mentioned and to formulate a provisional international plan. Later in 1953 the 
World Meteorological Organization definitely decided to participate in the Inter- 
national Geophysical Year. 

Since then, the national committees have been revising and developing their 
national programs, having regard to the provisional international plans. During 
the coming summer these programs will be considered by the international special- 
ized bodies, each of which will report on them as regards its particular field of 
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science. Next October the international committee will review all these programs 
and reports and issue a revised international plan. 

Four years have now passed since the new Geophysical Year was first suggested. 
Progress has at times seemed slow and halting, but the beginning of the Geophysical 
Year is still more than three years away. Our plans are unquestionably much more 
advanced than were those for Polar Year II, three years before August, 1932, when 
it began. Only in one major respect is the situation less assured than it was for 
Polar Year II, namely, as regards the co-operation of Russia. Alike under czar 
and soviet, Russia took its full part in the two Polar Years. But there is still hope 
and still time for the participation of Russia in the International Geophysical 
Year; the international committee for Polar Year II did not meet until two years 
before that Year began; its first meeting was, in fact, held in Leningrad. 

Our gathering today is a forward-looking one; but I would call briefly to your 
notice something of the past, of Polar Years I and II. Few of those who took part 
in Polar Year I lived on for fifty years to see the Second Polar Year: but there are 
many with us today who were active in Polar Year II. 

Polar Year IT fell into great jeopardy less than a year before it was due to start, 
because of the economic depression which had spread over the world. Prophets of 
anew depression are abroad today. We hope that time will continue to belie their 
forebodings. But should these in any measure come to pass, let us remember with 
what obstinate courage the doubting and fainthearted were withstood by La Cour 
of Denmark, the leader for Polar Year II. The program was not postponed or 
abandoned, as was urged by some, but was brought to triumphant success. 

The scope of Polar Year II was widened, only fifteen months before the Year 
began, when Appleton, then president of the URSI, proposed the inclusion of iono- 
spheric observations in the program. In the coming Geophysical Year this will be 
one of the leading divisions of the enterprise. 

In this country the foremost leader for Polar Year II was John A. Fleming, who 
was a tower of strength to the enterprise, nationally and internationally. He is now 
amember of your National Committee for the Geophysical Year, but for reasons of 
health he is not with us. His presence in this city and at this meeting is greatly 
missed. With Nicholas Heck, who passed away only this year, Fleming prompted 
the reoccupation during Polar Year II of Point Barrow, which was the United 
States arctic magnetic and meteorological station during Polar Year I; an additional 
magnetic observatory was set up on the campus of what is now the University 
of Alaska, at College, near Fairbanks. Fleming won the co-operation of President 
Bunnell of that university also in the institution of an ionospheric station on the 
campus; there the radio-pulse method devised by Breit and Tuve was applied by 
Berkner, using the pioneer automatic recorder he himself had designed, to investi- 
gate the ionosphere. 

This led later to the endowment of the University of Alaska by the United 
States Congress with a fine building for a geophysical institute, which has been, 
and during the Geophysical Year and afterward will be, an important center of 
arctic geophysical research. This is one of many examples showing how these 
special world efforts stimulate better permanent provision for the study of the earth, 
although much of the additional effort is temporary. 

The instruments used in Polar Year II included the radiosonde, then newly de- 
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veloped; but both radiosondes and magnetic recorders were not available for use in 
many countries in the much increased numbers needed. ‘This serious situation was 
relieved, only shortly before the Year began, by a generous grant from the Rocke- 
feller Foundation, which thereby greatly helped the whole enterprise. Many of the 
recorders have continued to be used on expeditions and at new permanent observa- 
tories since Polar Year II ended. 

In the coming Geophysical Year there will be further kinds and new means of 
observations, such as cosmic rays, geodetic observations of the moon, and rockets 
and rockoons (balloon-launched rockets) for exploring the upper atmosphere and the 
solar rays. 

The observations made during a Polar or Geophysical Year, however, when com- 
pleted, important though they are, only open a new phase of the enterprise—their 
analysis and discussion. After Polar Year II ended, another Rockefeller grant was 
made for these purposes and to set up a central library of archives and provide a 
bibliography of the whole undertaking. After La Cour’s death in 1942, Fleming 
became the leader in these further organizing stages, which he brought to a formal 
conclusion at the end of 1950, with the co-operation of Laursen, of Denmark. The 
bibliography provides an impressive indication of the extent of the observations and 
the results of their analysis. But that harvest was not and still is not fully reaped; 
and even from Polar Year I there are useful gleanings yet to come. 

Let us bear these things in mind while we hear of the more widely branching 
plans prepared for the coming International Geophysical Year. 

* President, [UGG and President, ICSU Comité Spécial Année Géophysique Internationale. 
Present address: New York University, New York, New York. 


THE SCIENTIFIC PROGRAM OF THE INTERNATIONAL 
GEOPHYSICAL YEAR 


By JosepH KAPLAN* 


UNIVERSITY OF CALIFORNIA AT LOS ANGELES 


The scientific program of the International Geophysical Year has several impor- 
tant general characteristics which will bedescribed before attention is called to specific 
projects. With careful planning, thorough review, and international co-operation, 
it is hoped that significant advances will be made toward the solutions of some of 
our most puzzling geophysical problems. The dates as well as the places of obser- 
vation were selected with the above goal in mind. Because the sun is the key to 
many important geophysical processes, especially those related to weather and tele- 
communications, the period of observations was selected to coincide with the in- 
creased probability, as we approach the sunspot maximum, of occurrence of solar 


flares and other solar disturbances. 

F: The selection of the places of observations was also made with the sun and its 
increasing activity during this period as one of the determining factors. In addition 
to electromagnetic radiation, the sun emits high-speed particles, whose kinematics 
are intimately related to the earth’s magnetic field. The incidence of solar electro- 
magnetic radiation on the earth also depends on time and place. Consequently, 
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caretully planned world-wide observations are essential, and this is well illustrated 
by the north-south pole-to-pole chain of stations which is the principal feature of the 
proposed program in meteorology. 


Another important general characteristic of the program is the effort to achieve 
maximum results from a minimum program. Specific goals are set—for example, in 
the ionospheric program, which is based on our desire to understand ionospheric 
storms, the absorption of waves, and the motions in the upper atmosphere. 

Whenever man examines his physical environment carefully and systematically, 
the effect on the basic sciences of physics, chemistry, and mathematics is generally 
very significant. The way in which astronomy has so strongly guided the develop- 
ment of physics is perhaps the most striking example of this. In geophysics one 
example is the airglow, in which hitherto unobserved radiations due to OH were 
discovered relatively recently. The attempts to explain their origins led to a care- 
ful re-examination of the validity of some of the most fundamental problems in 
chemical kinetics of gaseous processes. The atmosphere, the solid earth, and the 
oceans are vast laboratories in which nature is constantly carrying on its remarkable 
experiments. 

Eleven fields of activity comprise the program: meteorology, latitude and longi- 
tude determinations, geomagnetism, gravity measurements, ionospheric physics, 
aurora and airglow, solar activity, cosmic rays, glaciology, oceanography, and 
rocket exploration of the upper atmosphere. ‘These fields have close relationships: 
ach is characterized by need for synoptic or epochal data, and the value of such 
data is enhanced markedly by obtaining it simultaneously in all the fields, per- 
mitting studies of the correlation of various geophysical events. <A brief review of 
some of the fields in the program will suggest the nature of the problems to be stud- 
ied and of the method of approach. 

Glaciology.—Glacier studies have given clear indications that we are now in a 
eycle of warming which began about 1900. This is no academic effect: if the in- 
dicated warming continues for another twenty-five to fifty years, the ice will melt 
out of the Arctic Ocean in the summer, making it navigable. Slow changes of 
climate have already begun to show a change of storm paths and redistribution of 
rainfall, rendering some areas previously well watered more arid and, in turn, bring- 
ing water to arid regions. 

The objectives of the United States glaciological efforts in the International 
Geophysical Year program will be twofold: (1) to extend the studies of glaciers on a 
world-wide basis in conjunction with similar efforts of other countries and (2) to 
co-ordinate the existing observations of glaciers with the varied world-wide efforts 
in other fields of geophysics in order to establish quantitative and qualitative indi- 
cations of long-term climatic variations affecting the world as a whole. The plan 
includes (a) assembly of all available data on the variation of glaciers, (b) analysis 
of the data obtained to determine the extent to which glacier variations are caused 
by climatic change, (c) study of the hydrological economy of specific glaciers with 
respect to meteorological factors, and (d) studies to establish, correlate, and trace 
climatic trends of the past and to improve future predictions by combining these 
findings with’those of solar and atmospheric physics. 

Oceanography.-As in the other fields of geophysics, the study of oceanography 
requires the conduct of many experiments and the taking of many measurements if 
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major problems are to be solved. These problems have to do with the nature of 
oceanic currents, temperature, composition and levels, and total water content. 
A major problem is the study of the annual cycle in sea level and the global water 
budget of the oceans. Although all available tide-gauge and temperature data 
have been studied, the problem remains unsolved because a minimum of twenty 
vears of tide observations at a station is required to give a meaningful average, so 
that values in one area can be compared with values in another area taken at a 
different time. As much or more could be learned by synchronous measurements 
during one specific year. Simultaneous measurements of fluctuations in sea level 
are probably the most effective and the least expensive means of studying the 
“weather” of the oceans—i.e., the fluctuations in ocean currents with time. To 
be of value these observations must extend over vast ocean areas. 

In low latitudes the recorded seasonal changes in sea level are about what can 
be inferred from observed changes in temperature of the superficial layers, 
indicating a change in specific volume rather than in mass. In high latitudes 
there is also a change in mass. If these changes are associated with changes in 
currents, the currents at mid-latitude may be essentially confined to superficial 
layers, whereas at high latitudes they may extend to the very bottom and are there- 
fore not measurable by present standard techniques. Moreover, recorded sea level 
is lower by about half a foot in the Northern Hemisphere in northern spring and in 
the Southern Hemisphere in southern spring than in the respective fall seasons. 
From present data it cannot be determined whether this involves flow of water 
across the Equator or between the fringes of the ocean basins (where nearly all tide 
stations are located) and the central portions (where observations are inadequate). 

Such problems in oceanography are analogous to those in the meteorological 
program involving measurements of air flow across a meridian and across the Equa- 
tor. Similarly, the solution requires synchronous global measurements, which in- 
clude (a) observations and reduction of data from existing tide stations, (b) tem- 
porary tide gauges or surge recorders at some forty stations, with emphasis on is- 
lands and the Southern Hemisphere, particularly the antarctic, and (c) weekly 
temperature readings to depths of about 1,000 feet off shore from as many tide- 
gauge stations as possible. In addition to these tide and surge observations, a 
major study will be undertaken of the subantarctic oceans. The structure and 
dynamics of currents and other oceanic phenomena of this region, which are little 
known but are of great importance in several fields of geophysics, will be explored 
intensively. 

Geomagnetism. —Geomagnetism has various important relations and implications 
cutting across almost all areas of study in the physics of the atmosphere. In addi- 
tion to its own specific uses in surveying, navigation (including missile guidance), 
and exploration for minerals and petroleum, geomagnetism has broad and _ basic 
implications in the study of the ionosphere, radio-wave propagation, aurora, and 
cosmic rays, as Well as in other fields of science. 

Changes in the earth’s magnetic field are closely linked to ionospheric and auroral 
displays. A geomagnetic storm frequently occurs simultaneously with a strong 
aurora and radio blackout. To gain better insight into the physical mechanism 
which causes both the geomagnetic storminess and the ionospheric disturbances, it 


is essentia] to obtain more information on the interdependence between the two. 
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if More geomagnetic data must be collected, particularly at the higher latitudes. In 
* s addition to its correlation with radio blackouts in the auroral zone, the geomag- 
" netic field portrays constant irregular fluctuations. 


The primary objective of the geomagnetic program during the International 


a 

\ Geophysical Year is to shed new light on the conditions responsible for magnetic 
“ storms and other little-understood transient effects. Almost all features of the pro- 
a posed program are directed to this end, the exceptions being (1) exploratory rocket 
5 observations at great heights (see below), (2) stations at Jarvis Island and other 
Pacific islands to shed light on certain unexplained effects of possibly great impor- 
e tance in equatorial regions, and (3) exploration of the practically unknown field of 
O high-frequency magnetic fluctuations. The proposed investigations bear upon the 


Slane 


fundamental problems of atmospheric physics. 

Longitude and Latitude.—Highly precise longitude and latitude measurements, 
important in surveying, mapping, and navigation, can now be made by direct 
photography of the moon. The new technique, developed by William Markowitz, 
makes it possible also to measure changes in the speed of rotation of the earth to 


ae 
St. 
oR RE TT 


n 
1 ten times the existing precision, and the observational material obtained will shed 
" new light on the inner constitution of the earth. It is planned to photograph the 
| moon and stars nearby every possible night, using the newly designed cameras 
n ; attached to existing telescopes at astronomical observatories. Analysis of the data 
" obtained will yield longitude and latitude at all stations, and, using existing geodetic 
r nets, the exact distance in miles between all stations can be determined with a pre- 
le cision of 90 feet. During the International Geophysical Year it will be possible 
). for the first time to triangulate the whole earth, because observations will be taken 
al simultaneously all over the earth. Observations will be made at more than fifteen 
a stations distributed over the earth. England and France, for example, contem- 
= plate studies at Greenwich, the Cape of Good Hope, and Paris. The United States 
a expects to make observations at Washington, D. C.; San Diego, California; and 
S Hawaii. 
y Cosmic Rays.—The magnetic field of the earth is the chief instrument for analyz- 
2. ing the energy of cosmic rays. ‘The cosmic rays are bent in this field in such a way 
a that the low-energy rays cannot arrive at equatorial latitudes but tend to come in 
d chiefly near the magnetic poles; the high-energy components arrive at all latitudes. 
le To study the high-energy portion, observations are made near the Equator. ‘To 
d study the low-energy portion, observations should be made in the arctic and antare- 
tic regions. The connections between solar effects and cosmic rays are generally 
- most conspicuous for the low-energy cosmic rays; thus observations in the far 
a North and far South may unravel fundamental facts on the origin of cosmic rays. 
). Another cosmic-ray phenomenon is the large decrease in cosmic radiation often as- 
* sociated with magnetic storms. It appears that these storms alter the magnetic 
d conditions in the vicinity of the earth and that these changed conditions may either 
deflect or decelerate cosmic radiation. ‘This means that cosmic rays represent a 
al powerful tool with which to study magnetic phenomena many thousands of miles 
g from the earth. 
n Perhaps the most spectacular phenomena observed in cosmic radiations have 
it been the rapid and very large increases in intensity which sometimes occur simul- 
taneously with eruptions of gas on the solar disk, These coincide with disturbances 
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in the ionosphere, which may be so severe as to black out radio communications, 
Such violent solar flares are generally followed by magnetic storms, which can be 
observed by violent changes in the earth’s magnetic field and which can adversely 
affect communication circuits. Detailed knowledge of cosmic rays requires simul- 
taneous investigations of flares, sunspots, and chromospheric eruptions. 

The question of the origin of cosmic rays remains the outstanding basic problem 
in this field. The particles are related to solar phenomena—in particular, to the 
large increases of radiation accompanying some solar outbreaks. Perhaps condi- 
tions at the surface of the sun and in the outer solar atmosphere may be such as to 
accelerate nuclear particles to cosmic-ray energies. In other words, the sun may 
well behave like a giant cyclotron, vastly more powerful than any man-made ma- 
chine. The principles that nature uses in such an accelerator are unknown; the 
study of the origin of cosmic rays may give us the answer. Most of the basic dis- 
coveries of the short-lived mesons and other low-energy particles have come from 
studies of cosmic radiation. Such studies have blazed the trail in our understand- 
ing of nuclear forces, furnishing the impetus to the contruction of large accelerators 
which are now being used for more detailed investigations in this low-energy range. 

The program calls for investigations of three problems: (1) exploration of the 
variations in mass and energy of primary cosmic radiation, (2) exploration of the 
variations in cosmic radiation with both altitude and latitude, and (3) investiga- 
tions of the long-time fluctuations in the neutron component of cosmic rays. These 
studies require simultaneous measurements made widely over the earth, including 
the arctic and antarctic regions, as well as the temperate and equatorial zones; they 
also require parallel studies of solar activity, geomagnetism, aurora, and ionospheric 
physics, in view of the complex interrelationships of events in these fields. 

Rocket Exploration of the Upper Atmosphere.—One of the principal problems in the 
investigation of atmospheric phenomena has been the general difficulty of obtaining 
direct measurements. Until relatively recent years the maximum height attain- 
able by sounding balloons was some 10-15 miles; within the past few years this 
range has been increased to about 24 miles. Studies in meteorology and cosmic 
rays have made extensive use of such balloons. However, the upper atmosphere 
has not been open to direct observation by these techniques, which has meant that 
no direct data have been available in auroral or ionospheric physics (the lower 
reaches of both the aurora and the ionosphere are some 50 miles above the earth), 
and the only direct data in solar studies, meteorology, and cosmic rays have been 
restricted to the lower atmosphere. 

The development of rockets during and after World War II has provided 
a method of penetrating many times higher into the atmosphere. Rockoons 
(balloon-borne small rockets that are fired once the balloon has reached its maximum 
altitude) have a range of 60 miles. Aerobees (larger, ground-launched rockets) have 
a range of over 100 miles. Somewhat comparable rockets have been developed by 
other nations—for example, France and Australia—and are to be used for similar 
purposes in the International Geophysical Year program. 

Both types of measurement, direct and indirect, are needed. Conventional 
measurements, which can be made readily, inexpensively, and extensively, provide 
the large bodies of “indireet’”’ data upon which ultimate solutions of major geo- 
physical problems depend. Rocket measurements, which are relatively costly and 





See eg aR TET 











he 


a 
se 
ng 
ey 
ric 


ve 
vy 


al 
le 


O- 





| 





GEOPHYSICS: H. G. BOOKER 931 





Vou. 40, 1954 


difficult, provide intensive sets of “direct” data for a short period of time, and this 
information can be used to “calibrate” indirect data. This, in effect, permits the 
conversion of large bodies of indirect data into direct data. At the same time, new 
discoveries are possible by rocket techniques. 

® Some of the types of result attained by rocket explorations are the following: (1) 
Solar radiation of the shorter wave-lengths, which are absorbed in the upper atmos- 
phere and hence never reach the earth, has been successfully studied—for example, a 
rocket measurement led to the discovery of X-rays in one of the ionospheric layers. 
(2) Solar ultraviolet light measurements from rockets have established the variation 
of the ozone with height up to an altitude of 42 miles. (3) Electric charge densities 
in the ionosphere and collision frequencies of the air particles have been measured 
directly. (4) What are believed to be auroral particles have been detected in rocket- 
borne Geiger counters. 

&. The program calls for the launching of 37 rockoons and 36 Aerobees from sites in 
New Mexico, Greenland, Canada, and Alaska. (United States firings will be co- 
ordinated with those of other nations, particularly at those crucial times of unusual 
solar activity.) Each rocket will carry instrumentation, within the very severe 
weight limitations, to measure several quantities: atmospheric pressure, tempera- 
ture, and density; the earth’s magnetic field, especially during auroral displays; 
night and day airglow; solar and ultraviolet light and X-rays; auroral particles; 
ozone distribution; ionospheric charge densities; and cosmic radiation. The re- 
sults of these investigations will be integrated with the results of simultaneous 
measurements made in each of the major fields of geophysics that represent aspects 
of, or directly involve, the atmosphere. 

Acknowledgment.—Acknowledgments and thanks are due all the members of the 
Program Coordination Group of the United States National Committee for the 
International Geophysical Year and to the many scientists who have given so 
generously of their time during the difficult period of program preparation. 
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MORPHOLOGY OF IONOSPHERIC STORMS 
By H. G. Booker 


CORNELL UNIVERSITY, ITHACA, NEW YORK 


An ionospheric storm is a disturbance of the ionosphere that can be easily ob- 
served by means of an ordinary ionospheric radio recorder, that is to say, radar- 
type equipment by means of which pulses of radio energy are reflected from the 
ionosphere at roughly vertical incidence over a frequency range from, say, one to 
twenty megacycles per second. 

In thinking of an ionospheric storm, one’s mind naturally turns also to a mag- 
netic storm, there being a close connection between the two. A magnetic storm is 
a disturbance of the earth’s magnetic field, lasting some days and observed by 
conventional equipment for measuring magnetic fields. A magnetic storm, how- 


ever, has a fairly technical significance. A magnetic storm is a phenomenon which 
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can be observed all over the world at the same time and has a sudden commence- 
ment, the same at all stations within a few minutes. There are other magnetic 
disturbances, particularly in the auroral zone, which do not fit into this picture. 
The term “magnetic storm’’ is restricted in this paper to the world-wide, sudden- 
commencement phenomenon. 

With the ionospheric storm there is some confusion in terminology. There is a 
phenomenon which occurs at the same time as a magnetic storm, is world-wide in 
character, and becomes observable at each ionospheric station within an hour or 
two after the sudden commence- 
ment of the magnetic storm. 
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; re ; ; likely that they are simply 
Fig. 1.—Daily variations in horizontal field (HF) Heth re A 
and vertical fields (VF) on the first day of a magnetic different manifestations of the 
storm (Chapman). same basic phenomenon. Never- 
theless, there is a fairly clear- 
cut distinction between the two. In so far as a magnetic storm arises from currents 
in the ionosphere, these currents almost certainly flow in the lower regions of the 
ionosphere, whereas the phenomena observed with ionospheric radio recorders 
and generally referred to as an “ionospheric storm” are primarily phenomena con- 
nected with the highest layer in the atmosphere, the F-2 region. As observed by 
an ionospheric radio recorder, an ionospheric storm shows very marked effect in 
the F-2 region but comparatively small effects in the lower regions of the iono- 
sphere. 
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Let us now turn to some observational data. Figures | and 2 show a couple of 
well-known diagrams from Dr. Chapman’s book to illustrate a magnetic storm. 
Of course the earth’s magnetic field shows significant variation even on a quiet 
day. On a day of magnetic storm it shows an additional diurnal variation, illus- 
trated by Figure 1. There are statistical methods for separating out (a) the quiet- 
day variations, (b) additional diurnal variation that occurs during a magnetic 
storm as shown in Figure 1, and (ec) what is called the “storm-time variation,” 
shown in Figure 2. Even after statistical methods have been used to eliminate 
the quiet-day variation and the diurnal variation shown in Figure 1, there is still 
a marked variation, particularly in the horizontal component of the earth’s magnetic 
field, extending over several days. ‘This is the storm-time variation illustrated in 
Figure 2. 
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Fig. 2.—Average storm-time magnetic-disturbance changes in different latitudes (Chapman). 


Now let us turn to some observations made some years ago by Berkner! and his 
associates at the Carnegie Institution of Washington, showing what is meant by 
an ionospheric storm. Figure 3 shows records made by an ionospheric recorder at 
Watheroo, Western Australia; each little diagram shows virtual height of reflection, 
plotted vertically, against frequency, plotted horizontally. The maximum fre- 
quency at which reflection can be obtained from the ionosphere is a measure of the 
maximum electron density in the ionosphere. The duplication that is seen ver- 
tically in the records is due to multiple reflections; that which is seen horizontally 
is due to the earth’s magnetic field. The maximum frequency at which echoes are 
obtained is proportional to the square root of the maximum electron density in the 
F-2 region of the ionosphere. 

The records along the odd rows were taken at hourly intervals and were made 
two days before a big magnetic storm in March, 1940. These records describe 
what was happening on a more or less quiet day. Records in the even rows show 
what was happening after the commencement of the magnetic storm. The records 
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are aligned in such a way that, by comparing odd and even rows, one sees the effect 
of the ionospheric storm. 

The most obvious feature of the storm is that the maximum electron density in 
the F-2 region of the ionosphere is substantially reduced, as compared with what it 
would be on a relatively quiet day. It will also be noticed that the height of re- 
flection from the F-2 region is substantially increased. It is possible that there is 
no marked change in the total electron content of the region; if the region were 
merely expanded during a storm so that it extended over a greater interval of height 
and had a smaller maximum electron density, effects substantially like those illus- 
trated in Figure 3 would ensue. 
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Fig. 3A.—Records comparing ionospheric disturbances at Watheroo Magnetic Observatory 
during magnetic storm of March 24-25, 1940, with quiet day conditions of March 22-23, 1940 
(Berkner and Seaton). 


It will also be noticed that records are much more scattered, or spread, during 
the storm than they are during a quiet period. This is an effect which primarily 
happens at night. The second half of Figure 3 shows records taken during the 
daytime. Again, there is a big decrease in the penetration frequency, and there- 
fore the maximum electron density, of the F-2 region on the disturbed day as com- 
pared with the quiet day. It can also be seen that the heights of reflection are 
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appreciably greater during the disturbed day than during the quiet day. How- 
ever, there is no more scatter on the daytime records for the disturbed day than 
on those for the quiet day. The scattering is primarily a night-time phenomenon. 

The records shown in Figure 3 are from a mid-latitude station. To illustrate the 
fact that these phenomena are world-wide, let us look at records of the same storm 
taken at Huancayo, which is on the magnetic equator. Figure 4 shows the re- 
sults from Huancayo at successive hourly intervals. Again after the commence- 
ment of the storm, there is a drastic decrease in the maximum electron density of 
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Fig. 3B.—Records comparing ionospheric disturbances at Watheroo Magnetic Observatory 
during magnetic storm of March 24-25, 1940, with quiet day conditions of March 22-23, 1940 
(Berkner and Seaton). 


the F-2 region and also a drastic increase in the height at which reflection takes place. 
However, there is also a period during which the maximum electron density of the 
F-2 region was increased. 

Records such as those illustrated in Figures 3 and 4 have now been made for some 
fifteen years at quite a number of locations distributed over the world. Some of 
these records have been analyzed by various workers, particularly by Appleton 
and Piggot? and by Martyn.* 

Appleton and Piggot have used mainly noon values of maximum electron density 
in their analysis of ionospheric storms. In view of the substantial diurnal vari- 
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Fic. 4A.—Condensed h'f curves at Huancayo Magnetic Observatory during magnetic storm 
of March 24, 1940 (Berkner and Seaton). 
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Fie. 4B.--Condensed h’f curves at Huancayo Magnetic Observatory during magnetic storm 
of March 24, 1940 (Berkner and Seaton). 
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ations that occur in the phenomenon, there is some disadvantage in using only noon 

ralues, but with this simple technique they were able to analyze results for a con- 
siderable number of stations distributed over the world. For the various storms 
they located the day on which the maximum depression in noon maximum elec- 
tron density occurred and labeled it ‘zero day.’”’ All storms were aligned on this 
basis and then averaged. Figure 5A shows the results of such an analysis for 
storms near sunspot maximum in southern England, and Figure 5B gives the same 
information for storms near sunspot minimum. It will be seen that there is an 
increase in the maximum electron density to begin with (a positive phase to the 
storm), and then a drastic decrease (the negative phase), followed by a slow re- 
covery over a period of some days. 

In Figure 6 are shown results for 
os Washington, analyzed in the same way. 
Again there is a positive phase, fol- 
lowed by a drastic negative phase, and 
q then a slow recovery over a period of 
° some days. 

If one goes to Huancayo on the mag- 
netic equator, the positive phase seems 
to have been substantially enhanced, 
0-5 and there is hardly any negative phase. 
However, if Figure 6 is compared with 
Figure 4 referring to a particular storm 
at Huancayo, it will be noticed that the 
0 statistical analysis is covering up cer- 
tain important features. In the par- 
ticular storm illustrated in Figure 4 
there occurs an example of a drastic 

+3) +——t 11 decrease in the maximum electron 

on ‘sentins density for a certain period. Yet, from 

_ Fig. 5A.—Superposed epoch diagram for the statistical analysis, one might get 

Slough ‘aaea, one pone the impression that only increases 

cycles (Appleton and Piggot). are observed at the magnetic equa- 
tor. 

Figure 7 shows, for one location, a more complete analysis in which the records 
for all hours during the day have been used. Again one sees the positive phase, 
followed by the negative phase, and a slow recovery over a period of some days. 
However, in Figure 7 can also be seen the diurnal variation associated with the 
storm. 

Martyn has also analyzed ionospheric storms, using the data from certain loca- 
tions for all hours of the day. Figure 8 shows the diurnal variation associated with 
magnetic storms after other variations have been removed. It should be men- 
tioned that Martyn aligned the storms differently from Appleton and Piggot. 
Martyn frankly assumed that an ionospheric storm is a counterpart of a magnetic 
storm, and he took the time of the sudden commencement of the magnetic storm 
as the starting point of the ionospheric storm. After removing both the quiet-day 
variations and the diurnal variations associated with the storm (Fig. 8), Martyn 
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Fig. 5B.—Superposed epoch diagram for ionospheric storms at 
Radio Research Station, Slough, England, near maximum of sunspot 
evcle (Appleton and Piggot). 








GEOPHYSICS; H, G. BOOKER 








HUANCAYO 12° 5 





X WASHINGTON 39°N 


Ato F2.Mc/s 











-2 | ° 1 2 3 4 
DAY NUMBERS 


Fic. 6.—Superposed epoch curves for Washington and Huancayo 
based on first day whea Washington showed a storm effect (Appleton 
and Piggot). 
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Kia. 7.—Superposed epoch pattern of relative variation of fo. from its mean value (Appleton 
and Piggot). 
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Fig. 8.—The diurnal variation of foFs 
associated with storms at Watheroo for 
first, second, and third day, respectively, 
of 33 magnetic storms of sudden commence- 
ment (Martyn). 
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arrived at the storm-time variations shown in Figure 9. Results are broadly simi- 
lar to those obtained by Appleton and Piggot, although the positive phase is less 
well marked. 

The features of an ionospheric storm described above are fairly clear cut and are 
not subject to much debate. As one goes further into details, however, the situation 
becomes more confusing. In particular, the phenomena that occur in the auroral 
zones are complicated, and no attempt has been made to describe them in this 
paper. 
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Fig. 9.—Storm-time variation of fo: at Washington (1941-1950) for the first three 
days of 81 sudden commencement magnetic storms for 7 months (May, June, July, 
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There is also a lot of discussion as to what the cause of these phenomena might 
be. The man with definite ideas is Martyn. His picture is roughly the following. 
The currents in the ionosphere that are associated with a magnetic storm and 
that flow near the bottom of the ionosphere are driven by a nearly electrostatic 
field. Martyn thinks of this electrostatic field as existing also in the F-2 region of 
the ionosphere. The effect of the electrostatic field crossing the magnetic field of 
the earth is to cause a drift of both electrons and positive ions in the same direction, 
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and this direction has an important vertical component. Martyn feels, therefore, 
that there are upward and downward drifts of electrons and positive ions in the 
F-2 region associated with the electrostatic field which drives the magnetic-storm 
currents near the bottom of the ionosphere. Of course, one has to ask what the 
origin of this electrostatic field is, and Martyn traces it back to what is happening 
in the auroral zone and from there to what is happening at the ring current that is 
thought to be associated with a magnetic storm, and so back to the sun. However, 
there is no accepted explanation of these phenomena. 

During the Geophysical Year there will be plenty of opportunity for additional 
studies and observations of ionospheric and magnetic storms, particularly in high 
latitudes. As far as explanation goes, the field is wide open to the theoretical phys- 
icists. 

'L. V. Berkner, H. W. Wells, and 8. L. Seaton, 7'errestrial Magnetism and Atm. Elec., 44, 283, 
1939; L. V. Berkner and 8. L. Seaton, V'errestrial Magnetism and Atm, Elec., 45, 393, 1940. 

2K. V. Appleton and C. 8. Piggot, J. Atm. and Terrest. Phys., 2, 236, 1952. 

3D. F. Martyn, Proc. Rov. Soc. London, A, 218, 1, 1953. 


THE MORPHOLOGY OF THE AURORA 
By A. B. MEINEL 


YERKES OBSERVATORY, UNIVERSITY OF CHICAGO 


As scientists throughout the world turn their attention to the oncoming activities 
of the International Geophysical Year, one of the fields of special interest is the 
aurora. The aurora is a polar phenomenon whose occurrence is generally limited 
to a belt encircling the geomagnetic poles, some 40°—60° in diameter and 10°—15° in 
width. In contrast to the weather, which is everywhere, and geomagnetic storms, 
which affect the entire earth, the aurora is more difficult to study, since one must 
observe in the auroral belt itself. Geographically speaking, the auroral zone is 
largely inaccessible without special effort. Only in Alaska, Canada, and Norway 
does the zone cross inhabited land masses. In Asia the zone skirts the northern 
fringe of Siberia, while in the southern hemisphere the auroral zone is entirely over 
the barren wastes of the antarctic continent. As a consequence of these geo- 
graphical limitations, the aurora, while it has been observed from ancient times, 
has been studied largely by a few persons and from a few places. In the past dec- 
ade, however, intense scientific interest and activity have developed in the field of 
the aurora. 

There are reasons other than geographical why the aurora is difficult to study. 
Perhaps the chief difficulty is that the aurora is a faint and highly transient phe- 
nomenon. The chief tools for the study of the aurora have until recently been 
photographic ones: direct photography and spectrography. In direct photographs 
the entire light of the aurora is utilized to form an image, and, as a consequence, 
exposure times from a few seconds to a few minutes are possible. The spectrograph, 
on the other hand, takes a small portion of the aurora defined by the slit of the in- 
strument and spreads this light into images of the slit for each of the atomic and 
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molecular radiations. Consequently, spectrographic exposure times range from a 
quarter of an hour to many hours. 

The aurora, being a transient phenomenon, does not oblige us by sitting motion- 
less while we probe its secrets. Many times it fades away even before we can secure 
a single spectrum. More often, it changes form, so that the resulting spectrum is 
only the average of many forms. 

With the introduction of new spectrographs we are now able to obtain spectra 
which represent unmixed phases of the aurora in a reasonable number of events 
and from these spectra a new concept of the aurora is beginning to emerge. We 
are handicapped, however, in that the interpretations must be made from single, 
isolated locations. Only by fortuitous accident have simultaneous observations 
from several places been available. The possibility for obtaining simultaneous ob- 
servations of events from many places and with identical instrumentation is one of 
the important aspects of the International Geophysical Year. 

The aurora is often a complex thing. In general, the larger the auroral storm, 
the more complex is its appearance. Since these storms are very bright, they are 
easier to study. Unfortunately, it is generally impossible to untangle the results. 
The study of small, simple auroras, on the other hand, has been very profitable. 

A given auroral storm appears to start as a homogeneous are stretching as far as 
the eye can see from the eastern to the western horizon. This are is nearly aligned 
parallel to the lines of equal geomagnetic latitude. A most important question 
arises: Does this are encircle the earth, or what portion does it cover? The In- 
ternational Geophysical Year auroral program can answer this question definitely. 
We believe that it does circle at least a large portion. In one instance Carl Stormer 
in Norway recorded the spectrogram of a homogeneous are occurring at the same 
geomagnetic latitude and at the same time that I was also observing. 

A second question of extreme importance to theories of auroras is the following: 
Is there also a similar homogeneous are formed in the southern auroral zone at the 
same time? If so, what are the relative intensities and geomagnetic latitudes? 
This is another question that can only be answered by the International Geophysical 
Year auroral program. 

The observational evidence collected at the Yerkes Observatory leads us to be- 
lieve that there are two separate phases to a typical simple aurora. The fact that 
our observations differ in some respects from those made at Saskatoon, Churchill, 
and College indicates that latitude effects are important; however, since a clear un- 
derstanding of latitude effects requires a clear understanding of the events at one 
place at a time, I will describe a typical aurora seen at the Yerkes Observatory. 

The homogeneous arc, already mentioned as being the first phase of a typical 
aurora, appears to be of extraterrestrial origin. The evidence is now too strong to 
allow any other interpretation. Our spectra, some of which are shown in Figure 1, 
show intense hydrogen emissions, becoming at times as strong as the green auroral 
line. Studies with higher dispersion show the Ha line to be broadened and, when 
observed in the magnetic zenith, to be shifted to the violet (see Figs. 2 and 3). 
The protons responsible for the hydrogen emissions must impinge on our upper 
atmosphere with energies of '/.-1 mev in order to penetrate to the level observed 
and with the velocity observed at that height. A puzzling difference between our 
spectra and those obtained farther north is that the hydrogen emissions have never 
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been observed to be as intense as those which I have shown in Figure 1. Could it be 
the mass-spectrographic action of the magnetic field of the earth? 

The second phase of the aurora can begin at any time, with an are breaking up 
into beautiful rayed structures. Sometimes the rays fade out in a few minutes, and 
the aurora is over. Occasionally, however, they signal the beginning of spectacular 
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SPECTRA AND SEQUENCE PHOTOGRAPHS OF HOMOGENEOUS AURORAL ARCS. NOTE 
THE INTENSE Ha LINE EVEN IN THE WEAK ARC OF [2 AUG 


Fic. 1.—Spectra and sequence photographs of homogeneous auroral ares. Note the intense 
He line even in the weak are of August 12. 


and rapidly developing draperies and pulsating patches. Some of the most in- 
credible auroral displays occur in this second phase. While the eye sees a spectacu- 
lar change from the quiet homogeneous arc, the spectrograph sees only a subtle 
but very profound change. The hydrogen lines, so prominent in the are, fade into 


invisibility. While the disappearance of the Ha lines is dramatic evidence, other 
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Fic. 2.—Comparison of Ha profile for homogenous are observed in the magnetic horizon (a and 
d) and magnetic zenith (c). Spectrum of raved aurora (b) does not show the Ha line and provides 
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Fic. 3.—-Microphotometer tracings of spectra ¢ and d (Fig. 2), corrected tor the effect of the N2 
bands. 
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changes in relative intensities of spectrum features occur, also indicating that the 
mode of excitation has changed. The conclusion seems inescapable: the bombard- 
ing solar material has ceased entering the atmosphere. 

To determine what is happening we need more information than is available in 
the spectrum alone. We can attack the question from two sides. First, we can 
examine theoretically the consequences of producing ionization by protons, then 
combining sharply varying magnetic gradients, potential gradients, and possibly 
high-velocity ionic winds, together with the existing geomagnetic field. The 
problem is one of great complexity. Hydromagnetic studies, however, have not 
yet progressed to a point where they give us an answer. 

Attacking the problem from the side of the laboratory appears of more immediate 
help. Dr. C. Y. Fan has been performing experiments at Yerkes Observatory un- 
der very carefully controlled conditions using various particles accelerated to 
definite energies and then injected into low-density air (Fig. 4). The similarities 
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FAN AURORAL ACCELERATOR 
Yerkes Observatory 


Fic. 4.—Schematic diagram of the laboratory accelerator used by C. Y. Fan for the reproduction 
of the auroral spectrum. 


between the laboratory spectra and the aurora are striking. We find that there are 
definite changes in close agreement with auroral observations. We can already 
say with considerable certainty that the second phase of the aurora is due solely to 
electrons. The evidence is strong that the electrons originate in our own atmos- 
phere and that the second phase of the aurora is one limited to phenomena within 
our atmosphere. Even during the entry of protons we find that the secondary 
electrons must be accelerated to some 50-200 ev, giving evidence of a potential 
gradient within the auroral zone. While this interpretation may not seem ac- 
ceptable to some persons with long association in this field, I feel that the evidence 
how points toward this interpretation. We are approaching a point where de- 
finitive answers will be possible. The laboratory experiments show us which emis- 
sions bear examination in the aurora. This information is essential in planning 
the International Geophysical Year observations so that light can be shed on the 
question upon which I have just speculated. 
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New bands 
Comparison of proton (top) and alpha 
particle (bottom) induced auroral spectra. 


Fic. 5.—Comparison of proton-1 and H;-particle-induced spectra. Note the difference in the 
intensities of the N 1 lines, 





Ha normal 
Doppler Ha (water vapor) 
178 Kev 
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Doppler Ha 
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Proton induced auroral spectrum. 
Comparison of low and high energies. 


Fic. 6.—Comparison of proton-induced spectra, showing the invariability of the N 1 lines 
with the energy of the exciting particle. A similar invariability is found for the N 1 lines for ex- 
citation by H?. 
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_Fia. 7.—Comparison of infrared auroral spectrum with electron-1l and proton-excited spectrum 
Note the heavy absorption of the \ 7600 N» band due to terrestrial O» in the auroral spectra. 
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Let me sketch briefly some of the features which bear study. For many years 
several intense sharp emissions at \5004 A and A5680 A were ascribed to N um. 
This identification was a puzzle, since the lines are stronger than N 1 lines and, 
moreover, arise from high-lying energy levels. These same lines, however, were 
found to be strong in laboratory particle-impact spectra. The important discovery 
—aside from confirming the identification which was considered open to question— 
was that the ratio of the N m1 lines to the ultraviolet negative N»*+ bands depended 
on the species of the exciting particle (electron, proton, or heavy) but was essentially 
independent of the energy of the particle in the range of interest. This fact pro- 
vides us with a powerful tool. A second discovery was that the infrared Meinel 
N.*+ bands, first identified as a new system in the aurora but absent in ordinary high- 
voltage discharges, could not be produced by protons or knock-on secondary 
electrons from encounters of the protons in air. The bands could be excited only by 
energetic electrons. The ratio of the Meinel N.*+ to Ne first positive molecular 
bands, moreover, was very sensitive to energy, high energies exciting the Meinel 
bands too strongly. This study showed that electrons in the aurora, whatever their 
origin, do not have energies considerably above 400 ev, too low to consider the elec- 
trons to be of extraterrestrial origin, since several kilovolts are required by the pene- 
tration observations. We must therefore include the observation of such ratios at 
geographically different stations as an important part of the International Geo- 
physical Year program. 


DIURNAL AND SEASONAL VARIATION OF THE AIRGLOW 
By F. E. Roacu 
UNITED STATES NAVAL ORDNANCE TEST STATION 


I. Introduction—The term airglow has been adopted for optical emissions orig- 
inating in the earth’s upper atmosphere. The radiations at night are referred to 
as night airglow or nightglow. The well-established sources of the nightglow are 
OH, O2, O, and Na (see Table 1). The present evidence indicates that the several 
atomic and molecular sources listed in Table 1 do not originate at the same height 
in the atmosphere. Current investigations all agree that the emissions occur be- 
tween 70 and 300 km. 

TABLE 1 
SOURCES OF THE NIGHTGLOW 


Origin Description 
OH Rotation-vibration bands from upper levels up to and including 
v’ = 9; bands are especially prominent in the near infrared 
O» Herzberg bands in the near ultraviolet; ‘‘atmospheric’”’ bands in 
the near infrared 
O Lines due to forbidden transitions: (a) 'Sp—'!De2 5577 
(b) 'De— Pi, 2 6300, 6364 
Na Sodium D lines 


Nightglow features cannot in general be distinguished by eye, since the light 
level is near the visual threshold. The experience of the observers at Cactus Peak! 
(California) has been that on nights in which the green nightglow 5577 has an in- 
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tensity of about 500 megaquanta per square centimeter column - second referred 
to the zenith, it is possible to distinguish some patchiness visually. The intensity 
of the nightglow near the horizon is about 2.3 times that at the zenith. It is noted 
from the entries of Table 2 that the brightest nightglow observation at Cactus 
Peak (900 in the zenith; 2,000 near the horizon) corresponds to a faint aurora of 
International Brightness Coefficient I. Such a brightness has been observed at 
Cactus Peak only once in 88 nights spread over a five-year period. We may assume 
that if it had been possible to observe every night during the five years, there would 

i have been 21 (= [865 X 5]/88) nights of such an intensity level, which averages to 

i four times per year. According to the classical work of Fritz,? the region of Cactus 
Peak should have about one auroral display per year. 


TABLE 2 
COMPARISON OF NIGHTGLOW AND AURORAL INTENSITIES (5577 ) 


Intensity, 


i Megaquanta/Cm? Intensity 
4 Description Column: Second (Relative) 
{ Faintest observed nightglow at Cactus Peak (zenith ) 50 0.2 
i Mean nightglow at Cactus Peak (zenith) 250 1.0 
; Maximum observed nightglow at Cactus Peak (zenith) 900 3.6 
Maximum observed nightglow at Cactus Peak (near 
horizon) 2,000 8 
Faint aurora, International Brightness Coefficient I* 2,000 8 
Aurora, International Brightness Coefficient II 10,000 40 
Aurora, International Brightness Coefficient III 100,000 400 
Bright aurora, International Brightness Coefficient [V 5,000,000 20,000 
Extreme upper limit of the aurora 5 xX 10° 2 X 10’ 


* The estimates of absolute auroral intensities are from M. J. Seaton, J. Atm. and Terrest. Phys., 4, 285, 1954. 


II. Diurnal Variations.—The mean nightglow intensities at Cactus Peak are 
250 for 5577, 150 for 6300, and 150 for 5893 (Table 3). 5577 goes through a char- 
acteristic change of intensity, with a maximum during the middle hours of the 
night approximately twice the initial and final intensities. 6300, on the other 
hand, is usually brightest at the start of the night’s observations and rapidly de- 
creases in intensity during the first two hours, after which there is a leveling-off. 
Occasionally 6300 has a tendency for a slight increase in brightness after midnight. 
The diurnal variation of the sodium D radiation in the nightglow does not follow 
any set pattern. As we shall see in the next section, sodium D has a very pro- 
nounced seasonal variation, with an intensity minimum in the summer and a maxi- 
mum in the winter. During the summer minimum there is little diurnal variation 
of sodium D, but during the winter maximum there is frequently a marked increase 
of intensity between midnight and dawn. The general nature of the diurnal 
changes for these three atomic emissions is illustrated in Figure 1. 


TABLE 3 


MEAN NIGHTGLOW INTENSITIES AT Cactus PEAK 


Intensity, 


Emission Megaquanta/Cm? Column: Second 
[O 1] 5577 250 
[O 1] 6300 (6364) 150 
Na 1 58938 150 


The diurnal variation of [O 1] 5577 has been studied in considerable detail. Of 
particular interest is a comparison of the diurnal change at different observing sta- 
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tions. Recently, several nights of simultaneous observations have been obtained 
at Sacramento Peak (New Mexico) and Cactus Peak.* The separation of the sta- 
tions is 48 minutes in longitude and 3°18’ in latitude. It has been found that the 
diurnal variation of intensity is primarily a function of local time; that is, the 
changes at the more easterly station (Sacramento Peak) precede those at the west- 
erly station by the difference in their longitude (Fig. 2). This implies the existence 
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Fig. 1. Diurnal variation of atomic emissions in the nightglow during a typical night, January 
6/7, 1951. 





of a steady excitation state on the night side of the earth which maintains its general 
configuration with respect to the sun-earth axis. 

It has long been known that at any given time the nightglow increases systema- 
tically in intensity from the zenith to about 10° above the horizon. (This 
change in intensity with zenith distance is used to estimate the height of the emit- 


ting layer.) Superimposed on this general change are sporadic changes which are 
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probably associated with variations of the intrinsic brightness of the emitting layer 
over the geographical area visible from a given location. Isophote maps of the 
sky for each second hour of the night for November 19/20, 1952, are shown in 
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Fig. 2. Diurnal variation of [O I] 5577 at Sacramento Peak, New Mexico, and Cactus Peak, 
California, for the night of August 9/10, 1953. Note the similarity of the variation at the two 
stations and the close coincidence of the plots when abscissa is local apparent time (right). Plot 
at left has Greenwich Civil Time as abscissa. 
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Fig. 3. Diurnal changes of the intensity of 5577 over the entire sky for November 19/20, 1952. 
Heavier shading corresponds to greater intensity. 


Figure 3. The maximum of intensity near midnight is apparent. A detailed study 
of similar maps closely spaced in time gives a strong impression of a dynamic 
change, the description of which is quoted from a study by Roach, Williams, and 
Pettit :4 
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In the beginning of the night (19h and 20h P.S.T.) there is an apparent motion from north- 
east to southwest of a broad-fronted bright emission cloud. At 21h the direction of motion 
is more nearly east to west, with a distinct increase in over-all intensity. From 22h to 28h 
the apparent direction of motion is southeast to northwest, with a continued increase in over- 
all intensity. At midnight our imaginary observer, high above Cactus Peak, would have the 
impression that the motion had stopped and that there was a local increase in intensity in the 
southeast. There then follows a wheeling motion, in which the maximum region goes from 
southeast to south, after which it moves southward out of the field of view. Toward morn- 
ing a new bright cloud appears to be coming from the northeast. 


The general impression gained from a study of a large quantity of observational 
material is that the diurnal variation of 5577 is a dynamic phenomenon. Detailed 
studies of 6300 and 5893 have not yet been reported. 
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Fic. 4. Seasonal variation of atomic emissions in the nightglow (left) and position of the maxi- 
mum of intensity, Pmax (right). 


Ill. The Seasonal Variation.—In Figure 4 is shown the seasonal variation of 
the three atomic emissions in the nightglow at Cactus Peak. The most pronounced 
variation is that of sodium D, which is on the average three times as bright in the 
winter as in the summer. 6300 has a similar variation but of smaller amplitude. 
The seasonal variation of 5577 bears little resemblance to that of the other two 
radiations, although a winter maximum is noted. 

A more searching study of the diurnal and seasonal variations results from a 
systematic examination of the nightglow intensities over the entire sky. In Figure 
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3 isophote maps of the entire sky during a night illustrate the complexity of the 
changes in both time and place. A somewhat simplified space-time study is pos- 
sible if advantage is taken of the fact that the gross diurnal changes are a function 
of local time. The observations along the meridian of an observer correspond to 
intersections of the upper atmosphere at a series of geographical positions to the 
north and south all having the same local time. Thus a plot of the meridian data 
against time results in a sort of Mercator projection of the excitation pattern swept 
through (or under) during the course of a night by a series of hypothetical observers 
along a segment of a circle of longitude on the earth.’ Such plots may be inter- 
preted as space-time representations of the excitation pattern on the night side of 
the earth and, if there were no local or sporadic changes (actually there are), the 
map would represent a “snapshot” of such a pattern as it would be observed from 
the “midnight” position well away from the earth’s surface. 
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Fig. 5. Plot of the north-south sweep intensity versus time for September 16/17, 1952. Heavier 
shading corresponds to greater intensity. 

In Figure 5 it is noted that there is a well-marked ‘‘region’”’ of maximum intensity 
to the south of Cactus Peak about 11/2 hours before midnight. The position north, 
south, or overhead of such regions of maximum have been tabulated for all the 
observations at Cactus Peak over the last five years, and the results have been 
grouped in a seasonal sequence. The general tendency of a group of observations 
to favor maxima to the north or south of Cactus Peak has been empirically spec- 
ified by a function P,,,, defined by Pix = (mx — ng)/ >on, where nx is the number 
of cases with maximum to the north, ns the number with maxima to the south, 
and >on the total number of cases in the group. Thus P,,a, may vary from 1.0 
(all maxima to the north) to —1.0 (all maxima to the south). 

The right-hand portion of Figure 4 shows the variation of the function Pax 
throughout the year. The 5893 and 6300 curves are strikingly similar, with the 
maxima predominantly in the south during the summer minimum and in the north 
during the winter maximum. P,,,, is similar in the winter for 5577 and the other 
two colors and actually seems to “move” southward in the spring, but in the summer 
the maxima are again concentrated to the north of Cactus Peak. 

The following hypothesis is advanced for the apparent migration of the region of 
maximum for 5893 and 6300. (A detailed study of the migration of the maximum 
is in progress. See also Ann. astrophys., 14, 392, 1951.) A general region of maxi- 
mum excitation is believed to exist which may be thought of as maintaining some 
degree of identity with time. It is thought to move around seasonally in the earth’s 
upper atmosphere, appearing in the vicinity of Cactus Peak (latitude = 36° N.) in 
November—December and then moving southward in the spring. During the 
summer it is far to the south of Cactus Peak, perhaps even in the Southern Hemi- 
sphere. During the summer the general low level of intensity of 5893 (and 6300) 
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and the fact that the southern part of the sky is the brighter portion are both ex- 
plained. The case of 5577 seems to be more complicated. The tendency for the 
region of maximum to be to the north of Cactus Peak in the summer when the other 
two radiations are predominantly concentrated to the south suggests that there 
may be a resultant of two excitation maxima in this case, one of which does not 
have a counterpart for 5893 and 6300. 

IV. The International Geophysical Year.—Two problems stand out for serious 
consideration during the International Geophysical Year: (1) the relationship, if 
any, between the nightglow and the aurora and (2) the geographical significance of 
the annual variation of the nightglow. These two problems call for a distribution 
of observing stations in latitude, extending from the region of auroral maximum 
in the north through intermediate latitudes, across the Equator, into the Southern 
Hemisphere, and, if possible, linking with observers near the zone of the southern 
auroral maximum. 

At the present time three such chains of observers are under consideration: (1) 
an American chain starting with Alaskan and Canadian stations in the north and 
continuing with two or three stations in the United States, one in Mexico and one 
in Peru; (2) A Europe-Africa chain; and (3) A Japan-Philippines-Australia chain. 
Informal co-ordination of the observing and analytical techniques has already 
started between the several observers, and it is hoped that by 1957 a fruitful co- 
operative program will have been established. 

1 ©, T. Elvey, D. R. Williams, and P. St. Amand, “Luminous Night Clouds” (paper presented 
at the Pacific Southwest Regional meeting of the American Geophysical Union, Pasadena, Cali- 
fornia, February, 1952). 

2 Das Polarlicht (Leipzig: F. A. Brockhans, 1881). See also E. H. Vestine, Terrestrial Mag- 
netism and Atm. Elec., 49, 77, 1944; KE. H. Vestine and J. A. Snyder, Terrestrial Magnetism and 
Alm. Elec., 50, 105, 1945. 

3F. E. Roach, D. R. Williams, P. St. Amand, Helen B. Pettit, and R. G. Weldon, ‘‘Simul- 
taneous Observations of Nightglow 5577 at Two Stations. I,” and E. Manring, P. St. Amand, 
Helen B. Pettit, F. E. Roach, D. R. Williams, and R. G. Weldon, ‘Simultaneous Observations 
of Nightglow 5577 at Two Stations. II,” Ann. astrophys. (in press). 

‘F, E. Roach, D. R. Williams, and Helen B. Pettit, Astrophys. J., 117, 456, 1953. 
5 F, KE. Roach and Helen B. Pettit, J. Geophys. Res., 56, 325, 1951. 


TRANSPORT PROBLEMSIN THE ATMOSPHERE 
By H. WrexLeR 


UNITED STATES WEATHER BUREAU, WASHINGTON, D.C, 


An outstanding characteristic of the atmosphere as compared to other geophysical 
media is its mobility. This mobility suggests its efficiency in transport of the 
various properties of the atmosphere, such as mass, energy, momentum, and water 
vapor. As an illustration of atmospheric mobility, at Mt. Washington Observa- 
tory, New Hampshire (6,262 feet high), as much as 3,000 miles of wind have moved 
by in 24 hours, and 50,000 miles in one month. At greater heights the air move- 
ment would be even larger. 

This characteristic mobility of the atmosphere is essential to life as we know it: 
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by its transport of heat it prevents the tropics from becoming intolerably hot and 
the polar regions from becoming unbearably cold. It provides clean air to replace 
the dirty, polluted air over our cities. The water vapor it picks up over the oceans 
enables life-giving rain to fall on the otherwise parched interiors of continents. 

Let us examine briefly the basic cause for atmospheric motions, some of the 
quantities transported in the atmosphere, and how this is accomplished. 

The main source of atmospheric energy isthesun. In Figure | are shown, plotted 
against sine of the latitude, the annual mean values of incoming (solar) radiation, 
outgoing (terrestrial) radiation, and the difference between the two curves, repre- 
senting the net radiation absorbed by earth and atmosphere. The two basic radi- 
ation flows were computed by H. G. Houghton,! using average values of air tem- 
perature, humidity, cloudiness, surface albedos, and clear air transmissions. 
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Fig. 1.—Annual mean incoming (solar) and outgoing (terrestrial) 
radiation (wpper curves) and net incoming radiation (lower curve). 


South of 38° N. latitude more radiation is received than is emitted, while the re- 
verse is true north of 38°. This would result in an increasing north-south tem- 
perature gradient, unless energy were transported northward from regions of surplus 
to deficit. The required energy transport given in Figure 2 assumes no energy 
transport across the Equator. The ‘Observed, 1950” curve will be discussed later. 

The excess solar radiation energy received in the tropics, absorbed mostly by the 
ground and surface air layers, is converted into other kinds of energy—sensible, 
latent, potential, and kinetic. In transporting the surplus energy poleward, it 
would appear that this might be accomplished in an infinite variety of ways—by 
means of whirls and eddies of all sizes and orientations. However, the atmosphere 
is subject to a number of restraints, the most important of which is the frictional 
coupling which enables the atmosphere to know it is on a rotating earth. The 
earth’s rotation, distribution of land and ocean, topography, and internal atmos- 
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pherie friction each exert restraints which limit the number of possible atmospheric 
flow patterns. 

The simplest type of flow which one could conceive would be composed of two 
meridional cells, one in the Northern and one in the Southern Hemisphere, carrying 
energy up over the Equator, poleward aloft, downward in polar regions, and re- 
turning to the Equator in lower levels. This flow pattern would be a replica of the 
well-known Bénard convective cell? caused by heating from below on a nonrotating 
platform. Ona rotating earth, however, the rings of air converging poleward from 
the Equator would, by conservation of absolute angular momentum, acquire wind 
speeds of hundreds to thousands of miles per hour from west to east aloft (westerly 
winds), while those rings moving Equator-ward at the surface would acquire similar 
high speeds from east to west (easterly winds). The strong lateral and vertical 
shears resulting from these high wind speeds would cause a breakdown of the large 
cell into smaller cells, an example of which is given in Figure 3. 
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Fig. 2.—Required and observed (1950) poleward energy flux. 
Observed curve based on preliminary unpublished data by Starr 
and White (see n. 4). 


This picture shows three quasi-permanent meridional cells, including the direct 
“Hadley” cell, which the English meteorologist, G. Hadley, proposed over two 
hundred years ago to explain the trade and antitrade winds observed over the 
tropical oceans. This cell is called “direct” because it converts potential energy of 
air-mass distribution into kinetic energy of air movement. The middle, or “re- 
verse,” cell, which does the opposite, was proposed by the American meteorologist, 
J. H. Coffin, over one hundred years ago and a few years later by another American, 
W. Ferrel, for whom the cell is named. There is fairly firm evidence in the surface 
and upper winds showing the existence of the Hadley cell and some indirect evi- 
dence showing the existence of the Ferrel cell; the polar cell has been inserted for 
the sake of completing the picture by representing the downward motions of the 
air cooled over polar regions. The zones of clouds and precipitation are indicated 
over the regions of ascending air at the Equator and at the polar front. 
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In this rather classic scheme of cellular meridional movement the air parcels 
alternate between movement aloft and movement near the surface, so that they 
do not make too long a journey without frictional contact at the ground, which 
helps decrease their otherwise high wind speeds. The textbook explanation would 
say that, because of these meridional movements, a system of surface zona] winds 
is created, as shown schematically in Figure 3. The tropical easterlies (or trade 
winds), the westerlies, and the polar easterlies are each depicted with respect to the 
meridional cells supposedly responsible for their maintenance. 

The winds from the east, by opposing rotation of the earth, will acquire, by fric- 
tional stress with the surface, westerly momentum (i.e., relative momentum from 
the west) from the earth, while the winds from the west will transmit westerly 
momentum back toearth. Since, in the absence of external torques (neglecting tidal 
friction), the total absolute angular momentum of the earth and its atmosphere 
must be conserved, the momentum acquired by the atmosphere must be at the ex- 
pense of that possessed by the earth. If there is no change in the earth’s rotation 
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Fic. 3.—An early cellular meridional circulation model of a rotating earth, together 
with the prevailing zonal surface winds. 


rate caused by the atmosphere, the net torque exerted by the atmosphere on the 
earth must vanish, which means that there must be easterly and westerly wind 
belts—but not necessarily confined to the zones shown in Figure 3. 

The westerly momentum picked up by the polar and tropical easterlies must be 
transported to mid-latitudes, where it is transmitted to the ground again. How 
is the required transport of momentum achieved? It turns out from calculations 
based on the more numerous upper-air observations available in recent years that 
the meridional cells transmit very little of the required momentum and that most 
of the transport is accomplished by quasi-horizontal eddies, that is, eddies with 
hearly vertical axes, having a size similar to those of the “highs” and “lows” appear- 
ing on weather charts, which have a life-history of days. In Figure 4 the required 
flux of angular momentum is compared to the observed flux by horizontal eddies 
and by the meridional cells.¢ The maximum flux occurs at latitude 30°, precisely 
the latitude at which there is little or no wind movement at the surface. This 
means that the flux of angular momentum must occur aloft, and this turns out to 
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be the case—the level of maximum transport of angular momentum poleward is 
just below the tropopause (~40,000 feet). 

Referring again to the required and observed (1950) energy transports in Figure 
2, the two curves are in fair agreement at higher latitudes but depart more and more 
southward, until at latitude 30°, the southernmost point for which computations 
are available, the observed flux is less than 50 per cent of the required energy flux. 
The observed flux was computed from horizontal eddy transport only. In view of 
the rather close agreement of the required and observed angular momentum flux 
shown previously, it may appear somewhat surprising that there is not as good 
agreement in energy flux. This may be owing to a number of factors: errors in 
computing the required poleward energy flux which is supposed to represent aver- 
age or “normal” conditions; errors in evaluating correctly the various energy com- 
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Fig. 4.—Required and observed (1950) poleward flux of angular momentum. Observed curves 
based on preliminary unpublished data by Starr and White (see n. +4). 


ponents making up the observed 1950 flux; and the fact that, if both computations 
are correct, the year 1950 may not be a “normal” year. Another explanation may 
be that there is a considerable energy transport by the Hadley and Ferrel cells 
which is not included in the computations. Still another explanation might be that 
the poleward transport of energy by ocean currents might be larger than the esti- 
mated 10 per cent of the amount required from radiation considerations. The 
oceanic transport of energy has been calculated only by the oceanic horizontal 
eddies, of which the Gulf Stream represents one branch. It may be, as suggested 
by G. H. Jung,® that the meridional cells in the ocean contribute materially to 
energy transport, so that the contribution of the oceans to the required poleward 
energy flux may be greater than realized. 
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The latent heat or water-vapor component of the energy transport was also com- 
puted by Starr and White, and the poleward flux was computed and compared 
with the required flux in Figure 5. The former was determined in two ways: 
with horizontal eddies only and with both horizontal eddies and vertical cells. 
Again, the horizontal eddies account for the required fiux at high latitudes but not 
at middle latitudes, an indication perhaps of the importance of the Ferrel cell in 
energy transport at those latitudes. The observed and required total flux curves 
in Figure 5 show that south of latitude 38° evaporation exceeds precipitation, while 
the reverse is true north of 38°. 

A brief word about the horizontal eddies, which seem to be so important for 
transport of property in the atmosphere: ‘There is probably a fairly continuous 
spectrum of eddy sizes in the atmosphere, but the only ones that can be detected by 
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Fic. 5.—Required and observed (1950) poleward flux of water vapor. Observed curves based 
on preliminary unpublished data by Starr and White (see n. 4). 


the fairly open meteorological network used in the transport calculations (stations 
about two hundred miles apart) are the large eddies several hundred or more miles 
in diameter. The large anticyclonic and cyclonic eddies are not always observed 
as true eddies but, especially aloft, are superimposed on fast-moving zonal winds, 
so that the resultant flow field is usually in the form of horizontal waves. 

As was pointed out earlier, these large horizontal eddies account for the required 
angular-momentum transport, which reaches a maximum at 30° latitude, a lati- 
tude which is located some distance south of the maximum point in the relative- 
angular-velocity profile of the mean zonal flow. Thus these eddies transport 
angular momentum against the gradient of relative angular velocity, and it can be 
shown by reference to a theorem by O. Reynolds® that in this case the kinetic energy 
of the eddies will be converted into kinetic energy of the zonal winds. Thus these 
large eddies are generators of the zonal kinetic energy, rather than dissipators, as 
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was formerly believed. Smaller eddies, of a size too small to be observed on the 
conventional weather chart, probably still function in the role of energy dissipators, 
degrading the kinetic energy by stages to heat. 

Although the dominant role of the large eddies in the transport of atmospheric 
property, particularly angular momentum, and in the maintenance of the kinetic 
energy of the zonal winds is recognized, this does not mean that the meridional 
cells are not also of importance—especially at lower latitudes. They probably 
contribute significantly to the vertical transport of property—such as angular 
momentum, which moves upward in the regions of the easterly winds, where west- 
erly angular momentum is created, and downward to the surface in the region of 
westerly winds, where westerly momentum is destroyed. As has been indicated by 
theory’ and by model experiments*® of fluids heated from below, there exists a 
strong tendency for motions on a rotating platform to become quasi-horizontal or 
essentially two-dimensional and, when there is no rotation, to take place in merid- 
ional cells. Applied to the rotating earth, this would favor the existence of the 
horizontal eddies at higher latitudes, where stronger rotation is found about the 
vertical, and of meridional cells at lower latitudes, where little or no rotation is 
found about the vertical. 
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Fig. 6.—Palmén’s meridional circulation model 


In Figure 6 there is given a modernized version of the mean meridional cell model 
prepared by E. Palmén.? The Hadley and Ferrel cells are retained, but no vertical 
cell is shown in the polar regions, which are characterized by predominantly hori- 
zontal mixing. Horizontal eddy mixing is of course also found at lower latitudes, 
where, as was shown previously, it is the principal means of transporting angular 
momentum poleward. Aloft at the poleward side of each of the vertical cells are 
found high-speed westerly currents, designated as the “subtropical jet’? and the 
“polar front jet.” The tropopause, or boundary between the stratosphere and 
the troposphere, is not a continuous surface, as formerly believed, but is fractured 
into segments as illustrated. 

Through these gaps in the tropopause occurs the principal exchange of air between 
stratosphere and troposphere, since the strong thermal stability characteristic of the 


tropopause resists vertical exchange of air. This exchange of air through the 
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tropopause gaps favors the following observed phenomena: uniform composition 
of the permanent atmospheric gases to at least 70 km.; downward adiabatic motion 
into the lower troposphere of extremely dry air whose entropy is characteristic of 
the lower stratosphere; and the reverse upward motion of moist tropospheric air 
into the stratosphere, as has been observed by measurements of stratospheric 
humidities to 30 km.” Also, the fact that certain gases, such as ozone, carbon 14, 
tritium, beryllium 7, and argon 37, which are formed in or just below the lower 
stratosphere, are found in surface air indicates a vertical exchange of air through a 
considerable depth of the atmosphere. These “tracers,” especially the latter two 
radioactive gases, which have half-lives of several weeks, offer an unparalleled op- 
portunity to study this rate of atmospheric ‘“‘turnover.’’ The atmospheric vertical 
mixing rate is rapid enough to maintain uniform composition of the permanent 
gases to 70 km. but is not rapid enough to eliminate marked water-vapor strati- 
fication, which is found on daily soundings not only in the troposphere but also in 
the lower stratosphere. 
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Fig. 7.—Annual variation of the mass of air in the Northern Hemisphere, shown 
reversed in curve AA, and the corresponding incoming solar energy, shown in curve BB. 


In addition to vertical exchange of air between troposphere and stratosphere, 
there is exchange between northern and southern hemispheres. In Figure 7 are 
shown, plotted against day of the year, the solar radiation received in the Northern 
Hemisphere and the annual variation of the mass of air in the Northern Hemi- 
sphere.'! Note how the latter curve lags behind that of solar radiation, indicating 
that shortly after the maximum solar heating (Northern Hemisphere summer) 
the atmospheric mass reaches a minimum as the heated air in the Northern Hemi- 
sphere expands and flows into the cooler Southern Hemisphere, the reverse being 
true after the minimum of solar radiation (Northern Hemisphere winter); this 
variation of mass in the Northern Hemisphere amounts to '/2 per cent of the total 
mass of the atmosphere. The greatest net flow of air from the Southern to the 
Northern Hemisphere occurs from September to November, while the reverse flow is 
greatest from March to May. This flow of air must carry with it atmospheric prop- 
erty—energy, momentum, water vapor, etc.—but not enough meteorological upper- 
air stations are available to estimate the magnitude of these transports. 
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To facilitate computation of these transports, there has been proposed as one of 
the goals of the International Geophysical Year program in meteorology the estab- 
lishment of several pole-to-pole lines of meteorological stations to measure pressure, 
temperature, humidity, and winds to 30 km. at close enough intervals to permit 
the daily construction of vertical cross-sections. It is hoped that one of these lines 
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Fic. 8.—Existing and proposed upper-air stations near the eightieth meri- 
dian west. 


will be established along the eightieth meridian west. In Figure 8 it is seen that 
this line is fairly well populated in the Northern Hemisphere from latitude 83° 
(Alert) to latitude 9° (Canal Zone). It is proposed that this line be extended south- 
ward by establishing additional stations on the west coast of South America and in 
Antarctica. Other lines which may be implemented by other countries are 10° E. 
and 140° E., parts of which are already fairly well covered by existing stations. 
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f These lines, together with existing and new stations elsewhere, should also permit 
construction of latitudinal lines of stations. Both types of lines will permit more 
| aecurate computations of transport of atmospheric property. 

All stations, it is hoped, will extend the average height of their vertical soundings 
to as close as possible to 30 km., which is above 99 per cent of the mass of the at- 
mosphere. This is also well into the ozonosphere, which owes its existence to the 
absorption of ultraviolet solar radiation. Since it has been proposed that the ther- 
mal response of the ozone layer to variations in ultraviolet radiation may affect 
the mass or pressure distribution of the underlying atmosphere and so influence 
the large-scale weather patterns, the daily procurement of meteorological data to 
30 km. will assist in studying this suggested link between solar radiation variations 
and unexplained “spells” of unusual weather. 

Three meteorological stations are proposed for Antarctica: Little America 
(79° S., 164° W.), a place near 80° S., 120° W., and the South Pole. These stations 
will not only serve as southern terminals for the pole-to-pole lines of stations, but, 
together with Antarctica stations established by other nations will permit for the 
first time an adequate exploration of the large fraction of the earth’s atmosphere 
over Antarctica. Since the Antarctic atmosphere is the coldest found anywhere 
on earth, winter or summer, and the coastal region of Antarctica has the most in- 
tense and persistent low-pressure areas in the world, the effect of this region on 
world weather may be all out of proportion to its area. The station at 80° S., 
120° W., has been proposed to study the existence and origin of ring-line pressure 
waves, apparently originating near that point and radiating outward like waves on 
a pond after a stone has been thrown in. Since their discovery by G. C. Simp- 
son,!? there has been much controversy as to whether these waves are truly polar 
in origin or are pressure variations associated with moving mid-latitude storms. 

In addition to expanding the upper-air meteorological network to as close global 
coverage as possible, it is hoped that a number of special observations will be taken 
as facilities are made available: measurements of total ozone content in the ver- 
tical column will be increased geographically to compare ozone distribution with 
atmospheric flow patterns; vertical profiles of ozone, water vapor, and possibly 
other “tracers’’ will be made well into the stratosphere to study the intensity of ver- 
tical mixing; daily aircraft reconnaissance of snow, ice, and cloud cover over large 
areas will be taken to keep a global account of albedo changes as a possible cause of 
large-scale weather variations. 
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EVIDENCE FOR WINDS IN THE OUTER ATMOSPHERE* 
By Frep L. WHIPPLE 


HARVARD COLLEGE OBSERVATORY 


In presenting evidence for winds in the outer atmosphere, I shall limit the dis- 
cussion te altitudes higher than those already investigated by balloon ascensions, 
roughly 40 km. 

The attainment of a thorough understanding of winds in the upper atmosphere 
involves at least the following five major operational steps: (a) the search for and 
the exploitation of observational techniques that may be relevant to the problem; 
(b) the validation of these various techniques, as providing measures of the actual 
air motions at the levels observed; (c) the elimination of the observational selection 
factors that may prejudice the results; (d) the compilation and correlation analysis 
of the relevant data with respect-to a number of possible variables (including [1] 
season; [2] latitude; [3] longitude; [4] energy input, transfer, storage, and dis- 
sipation, including solar terrestrial phenomena; [5] general geomagnetic and iono- 
spheric forces; [6] solar and lunar tides and their higher modes of oscillation; and 
[7] meteorological influences of the lower atmosphere, etc.); (e) finally, correla- 
tion and analytical coupling of the observed data with adequate theories of atmos- 
pheric circulation, turbulence and energy input, transfer, storage, and dissipation. 

Our interest at the moment centers on the first two steps, i.e., the observational 
techniques and their validation. I shall discuss each method separately with 
respect to these two steps. 

Historically, winds were first observed in the upper atmosphere through the 
motion of the persistent trains left behind extraordinary bright meteors or fire- 
balls. E. Biot,' in 1841, recorded early Chinese observations of this phenomenon 
back to 32 B.c. Although Biot was probably quite aware of the significance of 
the motions and had some rough estimate of their heights, E. E. Barnard? first 
successfully systematized the results in 1882, while C. C. Trowbridge*® produced the 
first comprehensive paper on the subject in 1907. Since then, S. Kahlke,* E. O. 
Hulbert,® C. P. Olivier,* and V. V. Fedinski’ have collected the data thoroughly 
and from them have drawn certain limited generalizations concerning the circula- 
tion of the high atmosphere. 

Quite recently, W. Liller’ and F. L. Whipple? have photographed the persistent 
trains from brighter meteors and have demonstrated numerically the enormously 
high values of wind shear commonly present in the altitude range from 81 to 115 
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km. above the earth’s surface. In one instance this shear reached the value of 
(0.1 see., or a wind change of some 150 km/hr in 0.5 km. of altitude. 

The persistent trains occasionally indicate winds exceeding 100 m/see, or 300 km 

, hr, but average values are of the order of 50 m/sec, centered about an altitude 
: near90km. (See Figs. 1 and 2.) 
By the use of electronic techniques involving the measurement of Doppler- 
shifted echoes from the ionization left behind ordinary meteors, L. A. Manning, 
O. G. Villard, and A. M. Peterson,! of Stanford University, and also J. 8. Green- 
how,!! of Manchester, England, have developed techniques for measuring wind 
velocities and directions in the meteor region. The results are in good agreement 
with the visual and photographic techniques of measurement from trains. All 
methods agree that the wind system is highly stratified and highly variable. Layers 
roughly a scale height apart vertically, 5-10 km., tend to differ markedly in ve- 
locity. 

The radio techniques in the hands of the Stanford group give, for the first time, 
some indication of the vertical wind components, which do not exceed some 10 
m/sec and are probably considerably smaller. 

The motion of a persistent meteor train or a meteor ion column can be shown 
theoretically? to be a close approximation to the true air motion. Nevertheless, 
small errors are certainly introduced by the meteoric phenomenon itself. Spurious 
lateral components arising from spraying of material must be small, but the in- 
coming meteoroid introduces some longitudinal motion along the trail, while heat- 
ing effects produce a small amount of convection. Nevertheless, it seems rather 
certain that we can use the motions of persistent meteor trains and meteor ioniza- 
tion as a fairly reliable standard for calibrating other techniques. The radio- 
meteor techniques have great potential value for synoptic studies, with the enor- 
mous advantage of daytime operation. The altitude range, however, is firmly 
established by the physical phenomena and can rarely be utilized outside the range 
from 81 to 113 km. at right, but much lower in the daytime. 

The observations of noctilucent clouds, particularly by O. Jesse,!? C. Stormer,'® 
and E. H. Vestine,'! give values of wind motions in a very restricted region of alti- 
tude close to 82 km. This technique, however, is sadly limited by the infrequency 
of noctilucent clouds over most of the earth, and their high concentration during 
the summer in high geographical latitudes. The motions appear, however, to meas- 
ure closely the wind velocities. 








Observations of atmospheric nightglow by various techniques indicate rapid 
motions in the high atmosphere. Auroral motions, visually and photographically, 
range as high as 1,400 m/sec, according to A. B. Meinel,” of Yerkes Observatory. 
By radio reflections from auroras, H. G. Booker, C. W. Gartlein, and B. Nichols, 
of Cornell University, find velocities as high as 300 m/see. In the opinion of Booker 
and of the majority of the investigators, the auroral motions do not strictly repre- 
sent air motions but are more analogous to motions of directed beams. The lower 
limit of the auroral activity is in the region of the persistent meteor trains, but the 
auroras often appear at much greater heights. The interpretation of auroral 
motions requires much more consideration in future studies. 

A closely related phenomenon, in terms of motion, concerns the nightglow ac- 
tivity observed by F. F. Roach and H. B. Pettit,'® of the Naval Ordnance Test 








Height (km.) 


95 


94 


93 


92 


91 


89 


87 


86 


85 


83 


82 


81 


Fig: 1. 
























































Wind vector +, Azi 


muth 310° (NW) 


or to Horizontal Velocity =1.0 


























! 











i 





+15 
Velocity (m./sec.) 


Train velocities, December 23.38, U.T., 1951 (New Mexico; 


968 


+45 +50 


observer, Wells). 





















































Se 


Height (km.) 





93 F 


92 




















98 -— 


6 TT 





94 F 








4t 
+ First Exposure 0 to 1°2 
© Second “ 133 to 2°1 
@ Third “ 355 to 4°8 








© Fourth “ 5°6 to 6:0 
es= Seventh “ 17°7 
Min. Corr. Factor to Horizontal Velocity =1.016 














caliemiiabamei 





91 


90 


| 
| 
| 
| 





89 } 


88 











87 - 


86 














83 - 


82 








s 














80 








Vector Towards 30° W of So.<— 








lL ! l l ] it 





4 


“OT 
—» Vector Towards 30° E of No. 


l 


| 
| 
| 
| 


4 








-120 


Fig. 2. 








110-100 -90 -80 -70 -60 -50 -40 -30 -20 -10 
Velocity (m./sec.) 


969 


0 


+10 


Train velocities, March 20.39, U.T., 1953 (New Mexico; 


+20 


+30 


+40 +50 


+60 


observer, Whidden). 











970 GEOPHYSICS: F. L. WHIPPLE Proc. N. A. 8. 








Station at Inyokern. At a height of roughly 200 km., the airglow pattern moves 
westward at velocities of the order of 140 m/see during the evening hours, stops 
near midnight, and tends to return toward the east during the morning hours. 
This type of motion, similar to that observed for the aurora by Meinel, seems 
difficult to explain in terms of winds but certainly represents, as do the auroras, 
most significant information concerning energy distribution and flow in the high 
atmosphere. 

Many visual observations of motion in the nightglow sky pattern have been 
made by C. Hoffmeister!’ in Germany. 

At a level near 65 km., C. T. Elvey, now at Fairbanks, Alaska, has recently" 
reported evidence of motion in the infrared night sky pattern of emission from the 
OH molecule. The pattern as observed at two stations on three nights in 1941 
moved at speeds from 35 to 75 m/sec. This technique appears to measure actual 
winds in an altitude region which is practically unobservable from the ground by 
any other known technique, excepting occasionally the anomalous propagation of 
sound. An extensive program of measuring the OH radiation seems highly de- 
sirable. 

Another method of great value for the determination of winds just above the 
balloon limit is that involving the anomalous propagation of sound. The method 
was exploited earlier, largely for atmospheric temperature measures, by F. J. W. 
Whipple’ in England and by B. Gutenberg’ in Germany. More recently, this 
method has been pursued with excellent results by A. P. Crary,” of the Air Force 
Cambridge Research Laboratories, and by E. F. Cox, of the Naval Electronic 
Laboratory. Since the temperature maximum at about 50-km. altitude appears 
scarcely hot enough to guarantee the return of sound from a ground explosion, the 
measurement of sound velocities at high altitudes by a returning signal is highly 
dependent upon the wind structure at all relevant altitudes. Crary has measured 
winds at various latitudes from the Canal Zone to Alaska in a height range from 40 
to 60 km. and found velocities as high as 80 m/sec. By means of very heavy ex- 
plosive charges in the southwest, Cox has shown striking evidence in the 30—50- 
km. level of eastward-moving air currents during winter, and westward-moving 
air currents during summer. 

Although the reduction techniques for such acoustic data are extremely com- 
plicated, the method must in principle yield true wind velocities, because relatively 
little energy is injected at the altitude levels involved. Crary has well demon- 
strated the general flexibility of the method for application at various times and at 
various geographical positions. 

Many ionospheric techniques in use for the motions of reflecting layers are ex- 
tremely ingenious, and some of them have been developed to a remarkable degree 
of usefulness. The methodology used by B. H. Briggs, G. J. Phillips, and D. H. 
Shinn,”! of Cambridge, England, is the most complex and completely developed 
of any that have come to the writer’s attention. The pattern of ionospheric re- 
flection is recorded continuously at three near-by points on the ground and an- 
alyzed by automatic autocorrelation techniques. The horizontal motion of the fad- 
ing pattern in the ionosphere directly overhead registers directly. In the E-layer 
at the normal reflection level, Briggs and his associates find a clear indication of 
the semidiurnal solar tide, which shows a statistically constant motion of 30 m/sec, 
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with the velocity vector rotating clockwise twice in 24 hours. The north-south 
systematic drift is zero at all seasons, but the east-west component moves eastward 
in summer and westward in winter at about 50 m/sec. 

In the F-layer, on the other hand, these investigators find no semidiurnal tide but 
rather that the east-west component moves toward the east by day and toward 
the west by night at all seasons. The north-south component is considerably 
smaller, with some seasonal effects. The average velocities are only slightly greater 
than those for the E-layer, that is, about 70 m/sec. Further, they find that the 
velocities in the F-layer increase with increasing magnetic activity, reaching values 
as high as 1,000 m/sec during magnetic storms. The direction of such motion is 
predominantly toward the west. 

Somewhat similar results via analogous ionospheric reflection techniques have 
been obtained by J. H. Chapman,”* of Montreal; A. G. McNish," of the United 
States National Bureau of Standards; H. W. Wells,’ of the Carnegie Institution of 
Washington; and by others. N.C. Gerson,” of the Air Force Cambridge Research 
Laboratories, has derived comparable velocities in sporadic-E clouds from ob- 
servations made by amateur radio operators. 

Although at one time there was considerable uncertainty as to whether the mo- 
tions recorded by the moving reflection pattern from ionospheric layers represent 
the true motions of the air in these regions, or possibly some phenomenon analogous 
to the auroral types of motion, the accumulating evidence suggests strongly that 
these motions are indeed very closely related to, if not exactly the same as, the 
motions of the atmosphere itself, at least for the E-regions. More thorough inter- 
comparison among the various methods is desirable to establish with certainty the 
significance of the electronic measures of motion. We must bear in mind that 
Balfour Stewart’s highly valuable dynamo theory of the daily geomagnetic vari- 
ations requires motions in the ionized layers that can be checked quantitatively 
with the winds, ion densities, and current densities in these regions. An excellent 
review of this attack is given by E. H. Vestine.*4 

Clear evidence for vertical turbulence arises from other observations. High 
mixing rates, or lack of diffusive separation, are now clearly apparent to an 
altitude of 130 km. from recent rocket measurements by J. W. Townsend,”> of the 
Naval Research Laboratory. This fact demands vertical turbulence of a few 
meters per second, as is also required by M. Nicolet’s*® evidence for the lack of 
stratification of the oxygen molecule in the high atmosphere. Hence it is abund- 
antly evident that techniques for measuring the vertical structure of high atmos- 
pheric turbulence are urgently needed at the present time. 

High-altitude rockets provide the newest and most sophisticated method of 
measuring winds in the altitude range from 30 to 80 km. and probably higher. 
C. J. Brasefield,® of the Signal Corps Electronic Laboratories at Fort Monmouth, 
has had excellent success in six firings. 'To measure winds he uses the times and 
directions of sound travel from rocket-borne grenade explosions at various alti- 
tudes. He finds systematic seasonal effects and winds of comparable magnitudes 
to those at higher levels. This method shows extremely great promise, especially 
when the rocket-balloon combination, the rockoon of J. Van Allen, is used to reduce 
the expense of firings. 

The application of these many techniques during the Geophysical Year should 
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go far toward clarifying the world-wide circulation patterns in the high atmos- 
phere. We may expect to increase vastly our understanding of the relationships 
among the motor sources for atmospheric motions, the ozone layer, the ionospheric 
layers, solar-related phenomena, terrestrial magnetism, and other of the many 
interrelated processes in the high atmosphere. Perhaps such observations will 
give us some clue as to a dynamic coupling between the upper and the lower at- 
mosphere, involving meteorology. 


In this discussion I am much indebted to H. K. Kallmann," of the University of 
California at Los Angeles, who made such an excellent report of the first “Confer- 
ence on Motions in the Upper Atmosphere.” This conference was sponsored by 
the National Science Foundation and was held at the University of New Mexico at 
Albuquerque in September, 1953. Special reference should also be made to the 
preliminary statement of a general circulation pattern at high levels by W. Kellogg 
and G. F. Schilling.?? 


* This research has been supported by the Geophysics Research Directorate of the Air Force 
Cambridge Research Center under Contract No. AF19(122)-482. 
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SOLAR ACTIVITY AND TERRESTRIAL DISTURBANCES* 
By DonaLp H. MENZEL 
HARVARD COLLEGE OBSERVATORY 

Scientists have long recognized that solar activity is somehow responsible for, 
or closely connected with, magnetic disturbances, the aurora polaris, ionospheric 
storms, vagaries of radio propagation, and certain other terrestrial phenomena. 
The research program for the International Geophysical Year would be incomplete 
if it omitted studies of variable solar features. The terrestrial effects must arise 
as the result of radiations, electromagnetic or corpuscular, emitted by active solar 
regions. The common statement that “sunspots cause magnetic storms’’ tells us 
nothing. It is an expression of our ignorance of the detailed physical processes 
that must govern the interaction between sun and earth. 

However, attempts to connect specific solar events with specific terrestrial 
events have been disappointingly inconclusive. We are still unable to designate 
some particular area of the solar surface as an “M region,” or area emitting the 
radiations that cause the magnetic and other disturbances. 

The fact that sunspot numbers follow closely the curves of terrestrial magnetic 
activity in no way signifies that spots, per se, are the basic phenomena. Of course, 
we still do not know precisely what a sunspot actually is, though we recognize 
some of its main attributes. 

Detailed discussions of sunspot characteristics appear elsewhere.' A brief sur- 
vey of the primary features of solar activity will be useful. Each spot contains a 
dark core or center, the so-called “umbra,” surrounded by the less dark “penum- 
bra,’ whose fibrous outer structure sometimes curves so as to suggest vortex 
motion. Clear-cut cases of this phenomenon are so rare, however, that one may 
conclude that rotatory circulation is not essential for spot development. Spot 
umbras range in size from small “pores,” of the order of 1,000-km. diameter, up 
to really large spots, whose umbras occasionally attain diameters of 40,000 km. or 
more. 

The umbra is dark compared with the surrounding photosphere, because of its 
relatively low temperature. The spot spectrum shows spectral lines, split into 
components and possessing polarizations characteristic of the Zeeman effect. 
One must unavoidably conclude that magnetic fields of intensity up to 4,000 
gauss are present in the larger spots. 

Spots tend to occur in pairs, of opposite magnetic polarity —so-called “bipolar 
groups.”” In the majority of large spots many smaller spots attend the dominant 
members. Associated with the spot group, and evidently a sensitive indicator of 
the solar disturbance, we find the patches of bright faculae, covering an area ap- 
preciably greater than that of the spot. These faculae precede the formation of a 
spot and persist after the spot has disappeared. The bright calcium flocculi, which 
occupy essentially the same regions as the faculae, are even more sensitive in out- 
lining the region of disturbance. 

Spots tend to differ in various ways. Speaking of the larger groups, we may 
divide them into two main categories: active and inactive. There is no simple 
way of distinguishing between the two. Furthermore, a given spot may be active 
at times and inactive at others. The most evident feature that enables us to pick 
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out the active spots is the tendency for flares to occur in the vicinity and particu- 
larly between the components of a bipolar group. 

We detect flares most readily with birefringent-filter or spectroheliograph records 
taken in the light of Ha. A sudden brightening, which can happen in an interval 
of from two to ten minutes, occurs in the plage area of hydrogen flocculi near the 
spot. Motion pictures, obtained when spots are tangent to the limb, often disclose 
the presence of intense activity in the chromosphere and higher regions of the solar 
atmosphere. Pulsing surges reach to varying altitudes; luminous matter streams 
into the spot region through loops that straddle the area or through funnel-shaped 
orifices that discharge the luminous gas in long curving filaments. We find prom- 
inences elsewhere, great filamentous gas clouds, but their behavior differs markedly 
from that of those found associated with spots. 

It is difficult, indeed, to say whether the spot prominences, so photographed, have 
any relationship to flares. Many astronomers seem to hold the view that flares 
are photospheric phenomena and hence probably invisible at the limb. On the 
other hand, I have generally regarded the plage area associated with spots as some 
sort of prominence phenomenon. Numerous minor brightenings occur above the 
limb-tangent prominence, and patches of luminosity form high in the atmosphere, 
radiating intensely as the spreading patch develops into a loop or other form. 
Occasionally, we note an especially active and brilliant surge, which may attain 
great height and move with high velocity.’ 

Intense outbursts of radio noise on frequencies of 200 mc/sec and higher ac- 
company the major fraction of bright flares.* The reason for the association of the 
two phenomena is not yet clear. Probably some form of magnetohydrodynamic 
or plasma oscillations is responsible. In any event, the radio phenomenon pro- 
vides us with another useful index of solar activity. 

These brightest (class 3) flares provide the most significant relationship between 
solar activity and a terrestrial event. For, as Dellinger showed many years ago 
and as many others have substantiated, radio fadeouts occur synchronously 
with the intense flares. A fadeout or sudden ionospheric disturbance (SID) 
occurs when a radio signal along some path in the sunlit hemisphere of the earth 
suddenly fades or disappears completely. The phenomenon probably occurs 
because far ultraviolet emission (perhaps Lyman a) from the flare increases ioniza- 
tion in the lower (D) region of the ionosphere. This excess ionization greatly 
intensifies the absorption of radio signals, especially in the lower frequencies of the 
so-called “HF” range. 

A minor oscillation (crochet) occurs in the magnetic records, simultaneously 
with the other phenomena. But the duration of the entire event, flare, SID, and 
all, is measured in minutes and rarely exceeds more than an hour or so. In passing, 
one may note that small increases in the intensity of the low-energy component? of 
cosmic rays may also be associated with bright flares. 

The phenomenon of SID’s just described is very different from that of a great 
magnetic storm,’ with its high-amplitude fluctuations of the compass needle, 
the onset of auroral displays, and the partial or complete disruption of the iono- 
sphere and HF radio communication dependent thereon. 

The simultaneity of SID and flare and the confinement of the disturbance to the 
sunlit hemisphere of the earth almost certainly identify the disturbing radiation 
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as ultraviolet light. Although certain investigators’ have suggested a similar 
origin for the magnetic storms, the preponderance of opinion appears to stand in 
favor of Chapman’s*® proposal that a neutral stream consisting of equal numbers of 
positive ions and electrons is responsible for the effects. Since hydrogen is the 
chief chemical constituent of the solar atmosphere, protons probably are the 
dominant ions. 

These streams, as Chapman and others have shown, can account quantitatively 
for the principal features of magnetic storms in terms of electric currents induced in 
the conductive cloud by dynamo action caused by the earth’s magnetic field. In 
addition, this theory places a cloud of ions in the vicinity of the earth, ions that 
conceivably could flow along magnetic lines of force into the auroral zone and pro- 
duce the luminous effects of the aurora. 

But where do these ion clouds originate? In the explosive spot areas that pro- 
duce the flares? There is some evidence to support such a conclusion. A few of 
the most intense flares, especially those occurring not far from the central meridian 
of the sun, appear to have expelled the ions, which encounter the earth some 24 
hours later. This apparent coincidence has lent weight to a commonly accepted 
view that the ions travel through space with velocities of some 2,000 km/sec. 
This view would further identify the M regions with flare areas near active spots. 
Let us examine this hypothesis in the light of past experience. 

Very large spot groups are statistically associated with very intense magnetic 
storms, in the sense that the disturbances tend to occur from one to four days 
after the spot passes the meridian of the rotating sun. Conversely, a statistical 
association occurs between severe storms and large spots. But the correspondence 
is far from one to one. Many large spots produce no magnetic activity whatever. 
And a few intense storms have occurred when the sun possessed neither spots nor 
the bright patches of faculae that ordinarily precede or follow the development of a 
spot and which are particularly sensitive indicators of the presence of disturbed 
regions. 

A further statistical relationship exists involving the tendency of weaker mag- 
netic storms to repeat at intervals of approximately 27 days, corresponding to the 
synodic period of solar rotation. This result led Chapman and Ferraro to con- 
clude that the ion streams, previously mentioned, were like streams of water from 
a slowly rotating fireboat. 

Such localization in space and permanence in time pose many theoretical diffi- 
culties. Yet the outer solar corona exhibits occasional beams, rays, or streamers 
that strongly suggest the action of some sort of focusing. Here solar magnetic 
fields may play a part. 

Observations made with the coronagraph include records of the intensity distri- 
bution, around the solar limb, of several coronal lines. The green line, \ 5303, 
from 13-times ionized iron, and the red line, \ 6374, from 10-times ionized iron, are 
perhaps the most significant. Since these atoms indicate the presence of high 
excitation, we originally hoped that the bright patches of coronae might outline 
the M regions. In this respect, the results to date have been disappointing. 

Statistical analyses by Waldmeier,’ by Shapley and Roberts," and by others,!! 
by the method of superposed epochs, indicated a correlation between the east-limb 
passage of bright corona and the K, indices of magnetic activity. However, since 
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the regions of bright corona are quasi-permanent and thus display the 27-day rota- 
tion cycle, the interval between the appearance of a bright coronal area and the 
onset of a storm may be purely coincidental. The discrepancy of this interval at 
different times of the spot cycle indicates a secondary rather than a casual relation- 
ship. 

Bell and Glazer,'? re-examining the coronal data, have applied appropriate tests 
for physical significance of the various relationships. I am indebted to them for 
permission to quote the most significant correlation they have found to date, viz., 
that the east-limb passage of a corona (A 5303) minimum tends to be followed nine 
days later by a maximum of magnetic activity (K,). In other words, K, is high 
two days after the central meridian passage of a zone of low coronal excitation. 

The foregoing examples are selected from a large number of similar studies. 
The relationships are primarily statistical; none of them yields an unambiguous 
determination of the location of M regions. 

However, if a corpuscular beam is to originate in an M region, we should expect 
to see some indication of matter being driven from the sun. There are three dif- 
ferent zones, where we encounter appreciable upward motion of the solar gases. 
The type of motion to be found in each is distinctive. 

First of all, we find sunspots, with violent surges accompanying the most active 
spots. Many of the surges are oscillatory, though intense eruptions may occur 
singly. A large fraction of the ejected matter appears to fall back into the sun. 
Rarely, if ever, do we obtain clear-cut evidence supporting the idea that matter has 
actually left the sun. Quite the contrary! Most of it appears to cascade back, 
and the peak velocities usually are well under the velocity of escape. Even so, 
spots and their associated activity provide the most likely areas for the ejection 
of corpuscular material. 

The second region of significance occurs at intermediate latitudes, between the 
spot zones and the polar regions. Here we usually find the long hydrogen fila- 
ments, which we associate with the arching or hedgerow prominences. The 
dominant motion through such gaseous structures is down, toward the solar surface. 
Occasionally, however, one of these vast structures may ascend to great heights. 
But the ascent slows at the uppermost levels, and most of the material appears to 
return to the sun. 

The third, and in some respects the most promising, area of rising material lies 
in the regions near the poles. As Roberts!*® has shown, polar spicules do exhibit a 
type of jet activity. The material fades as it continues to rise, a behavior that 
suggests the possibility of the spicules as significant sources of coronal matter and 
corpuscular streams. 

To indicate the relative importance of the corpuscular and radial streams, we 
may estimate the energy flux of the former in terms of its perturbing effects on the 
terrestrial magnetic field. 

The dipole magnetic field of the earth possesses intensity H at radial distance 
r and angle 6 from the geomagnetic pole: 


H,? ro\8 ‘ 
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where Ho is the intensity at the pole, 0.7 gauss, and 7» is the radius. Chapman and 


Ferraro! have shown that the earlier stages of a magnetic storm are roughly 
what one would expect if a plane, conductive cloud of neutral ions were to approach 
the earth at distance d from its center, tangent to the geomagnetic equator. Since 
the earth’s field will tend not to penetrate the conductive surface, the resulting 
distortions represent the disturbed terrestrial field. The closer the cloud approaches 
the earth, the greater the disturbance. 

A detailed analysis of the approach of such an ionic cloud is inherently difficult. 
But, for an order-of-magnitude estimate, we may use the magnetohydrodynamic 
condition that penetration occurs until the energy density of the terrestrial mag- 
netic field equals the kinetic energy density of the moving cloud, or 

> py? = = (2) 
i Sir 
where p is the density and v the velocity of the cloud. To obtain the flux, Ff, of 
kinetic energy through a surface, we multiply both sides of the above by », or 


Sir d/ 32 


‘or a representative stor ‘e may take d/ry) = 5 and set 6 = 7/2. Then, cy 
I representative storm we may take d nd set 6 2. Then, numeri 


F 


cally, 

F = 3.1 x 1077 v erg/em? see. (4) 
The solar constant or radiative flux is, in general, much larger, 

F, = 1.35 X 10° erg/cm? see. (5) 


If we take v = 1.7 X 10° cm/sec, corresponding to a lone-day lag, the ratio of the 
fluxes, F/F,, equals 4 X 10-°. Even though this corpuscular flux appears to be 
small, it is far from negligible. The focusing action of the earth’s magnetic field 
may further increase the flux in the polar regions. And we must recall that the 
ionosphere is largely transparent to the radiative flux, whereas the corpuscular 
component must be completely stopped. 

The number of particles, counted as protons moving with the velocity v, re- 
quired to produce this flux is of the order of 12 per cubic centimeter. The number, 
therefore, is not excessive. Indeed, the ordinary diurnal variation of the solar 
field would require the continued presence of at least one fast-moving ion per cubic 
centimeter in the vicinity of the earth. 

One final calculation indicates a possible mechanism for the ejection of ionized 
matter from the sun. Recent examination of many miles of prominence motion- 
picture records, made principally at Sacramento Peak and Climax, strongly sug- 
gests that the ejected matter tends to form loops or arches, with the lower ends 
attached to the surface of the sun. 

The very high temperatures found in certain regions may assist, however, in ex- 
pelling the gases; dynamic and magnetic viscosities must play a role in the for- 
mation of the filaments. 
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Forces such as radiation pressure or simple convection appear to be incapable of 
ejecting the material. The only one I have discovered capable of performing the 
required action is the magnetohydrodynamic force associated with a current loop. 

One can show that such forces are entirely adequate to account for the elevation 
of prominence material against the force of gravity. At the same time these cur- 
rents can produce and maintain the observed filamentation of spots. Further, it 
appears that the energy stored in the current system is of the order of that released 
during a solar flare. Thus, even though we still cannot define an M region un- 
ambiguously, we have achieved some understanding of the force fields that may 
occur in the solar atmosphere and which may have some effect on the ionosphere. 

* The research reported on was made possible in part through support and sponsorship ex- 
tended by the Geophysics Research Division of the Air Force Cambridge Research Center, under 
Contract AF 19(604)-146 with Harvard University. It is published for technical information 
only and does not necessarily represent recommendations or conclusions of the sponsoring agency. 
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GEOGRAPHIC BASIS FOR ANTARCTIC SCIENTIFIC OBSERVATIONS 
By Paut A. SIPLE 


DEPARTMENT OF THE ARMY, RESEARCH AND DEVELOPMENT DIVISION 


Antarctica has emerged from total terra incognita since the beginning of this 
century. Although it was recognized as a probable continent more than one 
hundred years ago, the contiguous coastal outline was not completed as a reliable 
sketch until the past decade. The state of current antarctic geographic knowledge 
might well be likened to that of the Americas in the sixteenth century. 

The task of classical exploration has virtually ended, and the period of detailed 
scientific study has already begun. With the exception of large sections of the in- 
terior, approximating the area of the United States, the major features have been 
sketched in (see Fig. 1). In contrast to sixteenth-century exploration tech- 
niques, those of the twentieth century, together with scientific interest, have 
produced small sampling of intensive studies in Antarctica comparable in quality 
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to scientific investigations in densely populated regions of the world. In some 
cases, such as certain aspects of oceanography, the detailed knowledge of the 
waters surrounding Antarctica is currently superior to that of some ocean areas 


more temperate and accessible. Thus Antarctica is a strange mixture of the un- 
. known and the well known. 

| Outside of the subantarctic whaling industry, commercial interests are nonexist- 
ent, and the most valuable resource of Antarctica is that pertaining to scientific 


‘ | knowledge. Therefore, in the proposed program of the International Geophysical 
Year, where phenomena affecting the earth as a whole are being studied simulta- 
neously, it is not surprising to find that the planners for each subject area desire to 
make observations from Antarctica concurrently with observations in the arctic 
; regions, the tropics, and the mid-latitudes. The specific interest in Antarctica is 
based on several factors. 

1. Antarctica lies as an insular continent in a vast expanse of surrounding 
oceans. To neglect observations from this region would effectively remove simul- 
taneous observations from approximately one-tenth of the world’s surface, neces- 
sitating interpolations for distances ranging between 4,000 and 6,000 miles. This is 
particularly significant to the cireummeridional studies of meteorology and upper 
atmospheric research. 

2. The intensity of the electromagnetic phenomena, such as those related to 
geomagnetism, aurora and airglow, cosmic rays, ionospheric physics, and solar 
activity, are directly or indirectly influenced by the earth’s magnetic and geomag- 
netic poles. Evidence is inconclusive that the observed responses are similar at both 
: poles, and it is scientifically desirable to make simultaneous observations for com- 
parative and analytic reasons and to check theories based on unipolar evidence. 

3. The massive, isolated glacial covering of the antarctic continent undoubtedly 
! provides invaluable clues to the recent past as well as current changes in world 
climate. We are apparently already sensing the significance of the warming trend 
which began about 1900 and which probably accounts for such problems as the in- 
creasing drought of our southwestern states and the corollary rise in water level of 





the Great Lakes. 

4. The North Pole and much of the area involved in the polar geophysical 
phenomena lie in oceanic areas fraught with ice conditions limiting easy establish- 
ment of observing points at pertinent intervals. In addition, full scientific co- 
operation is lacking in the circumpolar effort because of international circumstances 
making ideal observation patterns deficient in the North. By contrast, the 
antarctic provides a circumpolar land surface which is fully available to scientific 
studies. 

As the only totally glaciated continent, Antarctica also provides an unequaled 
opportunity to study active continental glaciation, which has at various times in 
the past played an important role in the geologic history of many parts of the earth. 
Particularly, it permits the biologists to study the persistence and return of life 
during and after glaciation. Antarctica still largely holds the riddles to geologic 
interpolation between the southern limits of South America, Africa, Australia, and 
New Zealand. Geologic sampling shows the usual broad differences which char- 
acterize continents with dissimilar areas of fossiliferous sediments, vuleanism, and 
ancient metomorphics. Antarctica is the highest continent with an average alti- 
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tude of a mile above sea level. The South Pole is on a great snow plateau nearly 
two miles high, and numerous mountain peaks rise to about three miles in height. 
Of particular interest is the great faulted Queen Maud Range, approaching within 
about two hundred miles of the South Pole, exhibiting open seams of Permian coal. 





ANTARCTIC STATIONS 


@ Proposed u.S. 


© Some Existing Geophysical Stations 
of Other Countries 











90° 














100° 80° 
oe | 
| fa 
120° 0 | eal 
Pd AMERIC 
. 0 | | 
a \ \ | | : 
“130° \ \ | 
-. 6 ‘ EXTREME LIMIT | | 
4’ : OF ICEBERGS + | 
of 44 + 
fia P m a | y 40 
/ . | TS , ra 
vA X | SAL Pfelkiond Yo 
/ . Na : | | er -, Isfoods 
/150° = ae ‘ 30 
ii Vf ; ie Se 
; | / tos 
/ a |-—+Palmer /  Osouth Shetland, 
/ fs J : ‘ | : -’ Islands “2 South 
/\eo° ; SZ 120 
=e : 
| ~ 
/ 
[1702 — 109 
so° 6g° 7 604 50f 4 092 







| Qeouver ts. 









a Dunedin 
4) ie 
EALAN 3 







Prince 
X OD Edword 6. 






"a 


| PyMeibourne 





\ 





aa Kerguelen 
\ Islands 










indian 


100° 


Nllepdese ae 





ANTARCTICA 


RELATIVE ACCESSIBILITY PACK-ICE, ICEBERGS, 32°F. ISOTHERM OF THE WARMEST MONTH 
Fra. | 


For the first time, during the International Geophysical Year, it will be possible 
to check not only the polar simultaneity of electromagnetic phenomena but also 
the circumpolar correlation. A series of antarctic stations is essential to achieve 
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both goals. Australia has already manned its new station, Mawson, on the ant- 


arctic coast at latitude 67°36’21" S., longitude 62°52’48” E., directly under the 
belt of greatest auroral activities. It is also continuing its established island geo- 
: physical stations, including Macquarie Island not far from the maximum auroral 


zone. France is considering reopening its Adelie Land Station, which is not far 
from the magnetic pole and is well inside the auroral zone belt. A proposed 
French icecap station might actually place a station closer to the geomagnetic pole 
than has been achieved to date. In addition to its subantarctic stations, New 
Zealand has been reported to be planning an antarctic station near Cape Adair, 
also inside the auroral zone and not far from the magnetic pole. The United States 
plans call for a main base camp at Little America, close to and just inside the auroral 
belt, with a subbase near latitude 80° S. and longitude 120° W., nearly under the 
auroral belt. A second United States subbase has been under consideration at 
the South Pole itself, although logistic difficulties may render this impractical. 
Other IGY stations in the Palmer Peninsula region, south of South America, under 
the sponsorship of co-operating nations include ones to be manned by the United 
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Kingdom, Chile, and Argentina. They form a vital link to the North and South 
American meridional observing stations leading to the North Pole, important to the 
meteorological research as well as the electromagnetic programs. 

In addition to the proposed IGY Antarctica geophysical studies, announcements 
have been made of geographical exploration plans for two independently sponsored 
Antarctic explorers. Rear Admiral Richard E. Byrd, USN (Ret.), the dean of 
American polar exploration, has announced his intention to renew his exploration of 
the antaretic. This would be his seventh command of major American polar ex- 
peditions over the last quarter-century. Two of the five carried out in the antarctic 
were government-sponsored. Admiral Byrd’s plans were announced six months 
prior to the IGY antarctic plans. His expedition is primarily concerned with the 
geographical exploration of the unknown interior, although he will, as usual, provide 
an opportunity for scientists to take advantage of his visit to the antarctic. Ad- 
miral Byrd has expressed his deep interest in the IGY program and his willingness 
to provide such assistance as his expedition might afford to augment and aid the 
IGY program. 

Commander Finn Ronne, USN (Res.), a veteran of two Byrd expeditions and of 
one led by himself, has requested government support by bills introduced to 
Congress on May 29, 1954, for an expedition on behalf of the American Antarctic 
Association, which he heads. His plans call for a small expedition to a base in the 
vicinity of Gould Bay at the southern limit of the Weddell Sea. The primary 
mission of this expedition is also one of exploration and mapping. Although this 
expedition is not part of the IGY program, the leader has offered to make his 
facilities available in support of the IGY program and plans to have his expedition 
in the field during the IGY. 

In conclusion, let us review some of the problems of establishing the proposed 
American-sponsored IGY bases in Antarctica. At modern speeds, vessels can ply 
between United States ports and Antarctica in three to four weeks, and airplane 
flights can be accomplished in a day or two, in about three hops. Modern ice- 
breakers can extend the potential shipping season and, because the seasons are 
alternate, permit the economic double use of vessels specifically commissioned for 
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aretic purposes. Antarctic harbors are generally open from January to March, 
which is true of Little America in the Bay of Whales. In some seasons, if attempts 
are not made too early, it is possible to approach this southernmost port without 
encountering the belt of pack ice which hinders the shipping lane approaches to 
most antarctic ports. 

The unique shelf and bay ice provides natural docks adjacent to deep water. 
Unloading and transfer to the base camp site can be accomplished quickly by 
“flying fox’’ endless cables drawing the freight away from the ship’s side on sleds 
or by short tractor hauls. Summer working conditions in continuous daylight 
range between 0° and 32° F. The base camp can be established on a level snow 
surface, but within a few months it will become completely buried by drift snow, 
providing insulation against wind and temperatures during the continuous dark 
period, when temperatures will average about —40° for the coldest month, with 
extremes below —70° F. just before sunrise. 

The main base must be planned to be self-sufficient for a year at a time be- 
tween visits of the vessels; however, ski-wheel, long-range aircraft flying from 
New Zealand or South America could reach the base at any season with appropriate 
navigational and landing aids. The flat snow terrain surrounding the base provides 
a natural landing field. 

The proposed subbases pose a somewhat more difficult problem. These can be 
most economically established by transporting supplies by tractor trains. Safe 
routes that are crevasse-free must be preselected by reconnaissance aircraft. The 
self-contained trains can haul 20-40 tons per unit and make about one hundred 
miles per day; however, for long distances half the load consists of fuel for the 
tractors. Air drop is a swifter but much more costly means of establishing sub- 
bases. A combination of the two systems will probably prove the most satis- 
factory solution. 

The difficulty of establishing a subbase at the geographic South Pole is greater 
than that of the subbase at 80° S., 120° W. There is, presently, no known safe 
route for tractor trains up the crevasse-ridden glaciers to the polar plateau through 
the wall-like Queen Maud Range. Therefore, the base would have to be estab- 
lished by aircraft. Pay loads would be limited to permit rising over the 15,000-foot 
mountain peaks. ‘Takeoff from the polar plateau at 10,000-foot elevation, would 
require jato assists. If these logistic problems prove insurmountable, there are 
other possible sites of scientific value for the second subbase—for example, at the 
foot of the Horlick Mountains at the auroral zone crossover point. In addition to 
providing a triangular base for American electromagnetic and meteorological ob- 
servation stations, the base would permit a valuable site for geological investiga- 
tions of a critical zone, where two geological provinces impinge upon each other 
and geological data are entirely lacking. Or a site midway between the main base 
and the subbase at 80°-120° may be useful in obtaining more auroral data. 

The subbases will encounter lower temperature because of their inland location, 
and to establish them will require skilled personnel working a season before scien- 
tific observations are begun. Therefore, to carry out the International Geophysical 
Year antarctic program will require two years’ occupation and voyages spread 
over three shipping seasons. 

















ON THE FLOW OF A PERFECT FLUID THROUGH A POLYGONAL 
NOZZLE. I* 


By RoBert FINN 


UNIVERSITY OF SOUTHERN CALIFORNIA, LOS ANGELES 


Communicated by Marston Morse, August 11, 1954 


The problem of finding the steady flow of a two-dimensional perfect fluid through 
a prescribed nozzle into a medium of constant pressure leads to a question on con- 
formal mapping which, if answered affirmatively, should yield a significant general- 
ization of Riemann’s mapping theorem. Various special cases of this and of re- 
lated theorems have been considered in some detail. The reader is referred particu- 
larly to the authors cited at the end of this note. The strongest known existence 
theorems on the problem considered'! * are based on a hypothesis (i) that the pre- 
scribed configuration is symmetric with respect to an axis. The principal achieve- 
ment of the present work consists in removing this restriction. Our results include 
those of Leray and Weinstein!! and overlap those of Garabedian and Spencer.? * 
We shall not here state them in full generality but shall rather indicate those new 
features which seem of most interest. 

Consider a non-self-intersecting polygonal channel W of the type illustrated 








(Fig. 1). We seek a flow with uniform velocity at x = — ©, bounded in part by 
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W and in part by an interface of discontinuity, or free streamline A, along which the 
pressure is constant. It should be noted that A is not prescribed but is to be deter- 
mined by the condition of constant pressure. 

We assert first the stability of a given flow, subject to the condition (ii) that all 
vectors from the origin, parallel to the walls W and directed in the sense of motion 
along W toward the separation points S, S’, lie interior to a common half-plane. 

THeoreM 1. Let f(z) = ¢ + iy represent a flow through a polygonal channel W 
satisfying condition (it). Then there is no infinitesimally neighboring flow through 
the same channel having streamlines distinct from those of the given flow. 

The concept of the infinitesimally neighboring flow was first applied to this prob- 
lem by Weinstein” at the suggestion of Weyl.”? A precise definition appears in 
Friedrichs.? 

Theorem 1 has been proved by Weyl” under additional assumptions, in particu- 
lar a requirement that the neighboring flows have the same asymptotic width and 
direction. This requirement seems based on the necessity of obtaining a bounded 
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Dirichlet integral for the difference, or variation 6f, of the flow functions con- 
sidered. It prevents the application of the theorem to the problem of existence and 
uniqueness. 

The present work uses a remark, due to Leray,' on the behavior of 6f in the 
neighborhood of the separation points. The problem is then reduced to two 
alternatives, in the first of which a finite Dirichlet integral occurs and in the second 
of which the result follows from the Phragmén-Lindeléf theorem on harmonic func- 
tions. Essential use is also made of the work of Levi-Civita,'? of Weinstein,” © 
































F 
| 
5 
| 
; 
b 
k 


and of Friedrichs.? 

Theorem | implies that a sufficiently small motion of the walls W can be followed 
in a unique manner by a change in the flow function f(z). It is easy to show that 
there is one and only one flowf through a channel defined by two semi-infinite seg- 
ments. Since channel walls W satisfying condition (i1) can always be deformed con- 
tinuously into parallel lines, the proof of existence and uniqueness of a flow through 
W is made to depend on the possibility of following the entire motion of the walls 
by an appropriate deformation of f(z). This, in turn, requires uniform estimates 
on the regularity of the flow throughout the motion. At present, we can give these 
estimates only under the additional assumptions (ili) that the nozzle is convex, i.e., 
all exterior angles at the intersection points of the wall segments have the sense 
indicated in the figure, and (iv) that the separation points S and S’ can be sepa- 
rated by a horizontal line. Condition (ii) is then equivalent to a restriction on the 
total curvature K of the nozzle, defined as the sum of all exterior angles at the in- 
tersection points of the wall segments. 

THEOREM 2. I[f channel walls W satisfy conditions (iii) and (iv) and if K < z, 1 
then there is one and only one flow, bounded in part by W and in part by free stream- 
lines A which are characterized by the requirement that the pressure along them be con- 
stant. 

The following corollary to Theorem 2 may be of interest: /f channel walls W 
satisfy conditions (2), (217), and (iv) and if K < 7, then there is one and only one flow 
through W, and the flow is symmetric with respect to the symmetry axis of W.t 
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I am indebted to Professor M. Morse for suggesting the field of study and to 
Professor A. Weinstein for suggesting the problem. A full exposition is being 
prepared. 
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ON THE FLOW OF A PERFECT FLUID THROUGH A POLYGONAL 
NOZZLE. II* 


By Rosert FINN 
UNIVERSITY OF SOUTHERN CALIFORNIA, LOS ANGELES 
Communicated by Marston Morse, August 11, 1954 


In a related note! the flow of a two-dimensional perfect fluid through an asym- 
metric polygonal nozzle has been considered, and an existence and uniqueness 
theorem has been stated subject to hypotheses of convexity and of a limitation on 
the total curvature K of the channel walls. (For appropriate definitions, refer- 
ences to pertinent literature, and orientation the reader is referred to the cited note.) 

The present work concerns the flow of a two-dimensional perfect fluid through a 
symmetric, convex polygonal nozzle; however, no restriction is made on the total 
curvature of the walls, which is required merely to be finite. Also, self-intersec- 
tions of a certain type are seen to be permissible. The flows considered may cor- 
respondingly be situated on multiply covered regions of the plane. 

Definition: A polygonal, symmetric, convex channel wall W will be called ad- 
missible provided that it admits a continuous deformation into a channel consist- 
ing of two straight parallel walls in such a way that (@) the deformation process is 
symmetric with respect to the axis of symmetry of W, (8) there is a fixed « > 0 
such that all exterior angles remain nonnegative and smaller than + — e, (y) the 
lengths of all wall segments remain bounded away from zero, and (6) the separa- 
tion points do not meet the channel walls during the deformation. 

A channel wall that is not admissible will be termed inadmissible. Examples of 
admissible and of inadmissible walls are shown in Figure 1. Only the upper wall 
and line of symmetry are shown. It is of course possible to give a purely geo- 
metrical definition of admissibility. It is easily seen that for inadmissible channel 
walls there can in general be no nonsingular flow of the type sought. 
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THEOREM |. Let f(z) = go + ip be the flow function of a symmetric flow bounded 
in part by admissible channel walls W and in part by lines A of discontinuity along which 
the pressure is constant. Then there is no infinitesimally neighboring flow, symmetric 
or asymmetric, through the same channel and having streamlines distinct from those of 
the given flow. 

An example of an infinitesimal disturbance given by Weyl? contains an error. 

The full proof of Theorem | is in its present form rather technical and will not be 
indicated here. For the case of symmetric disturbances, the theorem follows from 
an elementary property of harmonic functions. 














(a) 














(b) 


ia. 1.—a, Admissible walls; 6, inadmissible walls 


Lemma. Let h(x, y) be harmonic in the strip S: 0 < y < 1, and continuously dif- 
ferentiable on every compact subset of the closure of S except at the point (0, 1), near 
which it is assumed that h,* + h,? is bounded. We suppose that h = 0 on the semi- 
infinite segment |y = 1, x < 0] and that h, = phon [y = 1, x = O], where p is a non- 
increasing function of x, 0 <x < ©, p # constant. We assume further that h, > 0 
untformly in yas x —> — ©, that h, > 0 uniformly in y as x > + ©, and that h, = 
0 on [y = O]. Then h(x, y) vanishes identically. 

The lemma is obtained as a consequence of a form of Green’s identity, due to 
Levi-Civita.* 

Elementary estimates lead to an existence and uniqueness theorem, which we 
formulate as a theorem on conformal mapping. 

THEOREM 2. For any prescribed admissible channel walls W there is a simply 
connected, unramified (but perhaps multiply covered) domain D bounded in part by W 
and in part by a symmetric continuum A joining to the separation points of W, and a 
function f(z) defined in D, such that f(z) maps D in a 1-1 conformal manner onto a 
strip of unit width and such that | f’(z)| approaches the same finite value as z—> A in 
any manner. The continuum A is uniquely determined by the prescribed walls W 
among all symmetric continua joining to the separation points. For this A, the func- 
tion f’(z) (and hence also the constant u) is unique.* 

It seems natural to expect that the theorems of this and of the preceding note will 
be found to be special cases of a general property of conformal mapping. In this 
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respect we remark the recent work of Beurling.’ A detailed exposition is in prep- 
aration. 


* This work was sponsored in part by the United States Air Force through the Office of Scientific 
Research. Part of the work was performed while the author was at the University of Maryland, 
and part while he was at Stanford University. 

1 R. Finn, these PRocEEDINGS, 40, 983-85, 1954. 

2H. Weyl, Nachr. Ges. Wise. Géttingen, p. 227, 1927. 

3'T. Levi-Civita, Atti reale Ist. veneto sci., 64, 1465, 1905. 

‘ The mapping is unique only in a suitably restricted class of mappings. (Cf. Finn, op. cit., n. 


t-) 
5 A. Beurling, Acta Math., 90, 117, 1953. 


HARMONIC MAPPINGS 
By F. B. Futter 
DEPARTMENT OF MATHEMATICS, CALIFORNIA INSTITUTE OF TECHNOLOGY 
Communicated by S. Lefschetz, April 29, 1954 


If f is a mapping from one manifold to another, it is possible under suitable re- 
strictions to associate an energy E(f) with f. Any deformation of f which increases 
the topological irregularity, as by putting in folds and wrinkles, will in general in- 
crease the energy E(f). Hence those mappings with minimum energy in the homo- 
topy class of f might be expected to have considerable topological regularity and so 
provide a natural means of normalizing f in homeomorphism and isotopy problems. 

The method of defining (f) is illustrated by the following example. Let fo be a 
mapping from a circle C; to another circle C,. Now regard the circle C; as being 
made of a uniform elastic material in which the tension is proportional to the dila- 
tation, but which offers no resistance to compression, so that the only position of no 
tension is for C; to collapse to a point. The mapping fy constrains C; to lie in a cer- 
tain configuration on C.. If C; is now allowed to move over C2 subject to forces 
caused by tension, it will leave its initial position fo and will approach a position of 
equilibrium represented by the mapping f(a) = dz + c, where x and f(z) are central 
angles, c is a constant, and the integer d is the topological degree of f; and hence also 
of fo, since fo and f; are homotopic. If fo is of class C? (has two continuous deriv- 
atives), then, following the usual discussion of the vibrating string, 0*f)/0z? is the 
force density at a point of C, due to tension and 


: Lb i” py .. 
E(fo) = 5 J (2) da 


is the energy of deformation of fo. For the equilibrium mapping /; the force density 
vanishes and the energy is minimized. 

The general definition of the energy and force density associated with a mapping 
is obtained by generalizing the above discussion for two circles to higher dimensions. 
Let M? be a compact orientable analytic manifold with co-ordinates x}, x”, ..., x” 
and an analytic metric g;;. Similarly, let NV’ be a compact analytic manifold with 


co-ordinates y!, y?,..., y? and an analytic metric h),,. Let f be a mapping of class 
YY y \ u ‘ 
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C? from M” to N“. Kach y" then becomes a funetion of class C? on a co-ordinate 
neighborhood of 7”, so one can define the expression 


f(x) = Ay” + {ru} Ai(y*, y“), 


where A.y” = g” y’,,; is the Laplace-Beltrami operator applied to the function y’, 
Ai(y*, y*) = g%y’*; y“,; is the inner product of the gradients of the functions y* and 
y“, and })’u} is the Christoffel symbol at f(x) in N*. Under co-ordinate changes in 
N¢, f(x) transforms as a contravariant vector. If M? is regarded as made of a 
homogeneous elastic material constrained to lie on N*% according to the mapping 
f, f assigns to each point x of M? a vector f(x) at its image f(x) in N@ representing 
the force density caused by tension. f(x) = 0 is the Euler-Lagrange equation for 
the integral 


E(f) = /2 Sir hy, Any’, y*) a, 


which represents the energy of f. A mapping satisfying the equation f(x) = 0 
shall be called a harmonic mapping. If N* is a Euclidean space with Cartesian co- 
ordinates y”, the Christoffel symbols |)\”u} vanish, so that the vector f(z) is obtained 
by applying the Laplace-Beltrami operator to each co-ordinate. Thus the defini- 
tion of the force density extends the concept of harmonic function to functions from 
a curved space to a curved space. 

If the manifold N* is imbedded analytically in a Euclidean space E” with Car- 
tesian co-ordinates z!, z*,..., 2, then the mapping f from M? to N“ maps M?” into 
E’ and thus defines r functions Z* on M”. Then the force density in E’ at x is the 
vector (AoZ!, AoZ?, ... , AeZ"), originating from f(x) on N%. f(x) turns out to be 
the projection of this vector on N%, and the energy E(f) is equal to 


Vp Su DS AN(Z*, Z%) AV. 
a=1 
These two relations are natural if one regards N“ as a constraint for the elastic M? in 

The interpretation of f(x) as a force density suggests that any given mapping fy 
from M? to N*, if allowed to move under the influence of the force, will approach 
a harmonic mapping f/f. If this is true, then every homotopy class of mappings 
from M” to N¢ contains at least one harmonic mapping. Furthermore, by analogy 
with harmonic functions, the harmonic mappings should be analytic. Unfortu- 
nately, the condition f(x) = 0 is in general a system of nonlinear partial differential 
equations, so that the intuitive expectations above are hard to prove. The re- 
mainder of this paper is devoted to special cases which illustrate the topological 
regularity of harmonic mappings. 

For mappings of a circle C' into N? the condition for a harmonic mapping reduces, 
if C' is parametrized by a central angle ¢, to the ordinary differential equation 
i” + {du} 9“ = 0. This equation is the equation of a geodesic whose are length 
is proportional to the parameter ¢.! It is known that any continuous closed curve 
on a compact analytic manifold is homotopic to a closed geodesic or to a point.* 
Furthermore, any solution of the differential equation is analytic, since the coeffi- 
cients }\’u} are analytic functions of the y’s. In general, there is more than one 
closed geodesic in a homotopy class. 
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The unit 3-sphere S* can be represented as the set of quaternions g = x» + 
ay + vj + ask of norm gq = xo? + x1? + 2? + 237 = 1. These quaternions form 
a group under multiplication in which the metric of S* is invariant, that is to say, 
the transformations g — aq and q — qa for fixed a are isometries of S*. 

A homomorphism of S* with this group structure onto the group of proper rota- 
tions of Euclidean 3-space can be defined as follows: Let q be a quaternion in S* 
and let 1, yz, y3 be the Cartesian co-ordinates of a point y in Euclidean 3-space. y 
can be written as a quaternion y = yt + yoj + y3k with real part zero. The qua- 
ternion product qyg is another quaternion with real part zero and so represents an- 
other point in 3-space. The transformation y—~ R,y = qyd is a proper rotation R,, 
and, since R,, is equal to R,R,, the assignment of rotations to quaternions is a homo- 
morphism. The homomorphism is onto, since the rotation of angle w about the axis 
with direction cosines a), a2, a3; corresponds to the two antipodal quaternions cos 
1/9 + sin '/5 w(ayt + dey + ask) in S83. 

If to each g in S® one assigns the point h(q) = R,k = qk, one obtains the Hopf 
mapping h of S* onto the unit 2-sphere S?.* 

In general, if f is a mapping of class C? from M? to N“, and J and J are isometries 
of M? and N‘, respectively, onto themselves, three identities follow from the defi- 
nitions: (1) f7(x) = f(x), (2) Jf(a) = Jf(x), (3) EVD) = E(f). Now let M? = 
S3,N¢ = S?,f = h, 1(q) = aq, and J/(y) = Ray. Then (1) becomes hI(q) = h(aq) 
and (2) becomes Rgh(q) = R,h(q). But Al(q) = h(aq) = Rak = R,R,k = R,h(Q), 
so that AJ = R,h. Thus h(aq) = R,h(q), so that the force-density vector for ag is 
obtained from that for g by applying the rotation R, to S*. This shows at once 
that the length of A(q) is constant; the objective, however, is to show that h(q) is 
zero. 

Let b(t) give a rotation of S? through an angle ¢ about the axis perpendicular to 
the vertical axis k and the force-density vector f(1) at /, in the direction of f(1). 
hq) = h(q « 6(t)) defines a deformation of the Hopf map, with ¢ as deformation 
parameter. The initial velocity of this deformation at 1, (0/dt)h,(1)| ,-0, is equal 
to Ch(1), where C > 0. But (0/dt)h(qg) = (0/dt)h(qed(t)) = (0/dt)R,A(b(t)) = 
R,(0/dt)h(b(t)) = R,(0/dt)h(1). Consequently, (0/dt)h(q)|,-90 = CR AQ) = 
Ch(q), so that the initial deformation everywhere carries S* in the direction of the 
force density vector h(q). The energy E(h,) is a function of ¢, and a general calcula- 
tion gives 


d di j . "| : 
; E(h,) = a2 J. hy, Aly’, y*)dV = — f hy, g* i dV. 


This relation equates the rate of energy loss to the integral of force density times 
velocity. But at¢ = 0,“ = Cg", so that 


1B . Pe cies 
lt=° = -—Cfah,g9" dV = —C Sy: h(g)|? AV. 


Now suppose, if possible, that A(q) is not identically zero. Then (dE/dt)|,~9 <0, so 
that there is a ¢ = ¢« > O for which E(h,) < E(h). On the other hand, h,(q) = 
h(q + b(e)), and, since g > q « b(e) is an isometry of S*, it follows that E(h,) = E(A). 
Hence h(q) is identically zero, so that the Hopf mapping is harmonic. 
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Let f be a mapping of 7” into a q-dimensional torus 7", described by angles 1', 
y?,..., y with Euclidean metric ds? = (dy'!)? +... + (dy*)?. f(x) = O becomes in 
this case the system of linear equations A.y” = 0. Milgram and Rosenbloom have 
shown‘ that the heat equation (0/df)y” = Asy” has a unique solution y’(a, f), con- 
tinuous for ¢ > 0, assuming a given continuous initial value y’(x), and converging 
uniformly as t— © to an analytic solution of Ay” = 0. (Actually, their result ap- 
plies to y” real forms rather than angles. However, this case may be reduced to 
theirs by forming the gradient of both sides and recovering y” by integration.) 
Thus any mapping of .¥? into 7% is homotopic to a harmonic mapping. TF urther- 
more, any two harmonic mappings f and g in the same homotopy class differ by a 
translation of 7’. This is true because the mapping h(x) = f(a) — g(x) is homo- 
topic to a constant, hence it can be lifted into the Euclidean q-space covering 7", so 
that A(x) is obtained from a vector h(x) with real-valued harmonic components by 
reducing the components mod 27. But since the only harmonic functions on a com- 
pact manifold are constants, h(x) and hence h(x) = f(x) — g(x) must be constant. 

Now suppose that f is a harmonic mapping of /? into T°, where T? is a torus 
described by angles u, v with Euclidean metric ds? = du? + dv?, while MW? is an ana- 
lytic 2-manifold homeomorphic to a torus. f is harmonic implies that A,w = 0 and 
Av = 0, which in turn implies that w and v are analytic functions on M@*. For any 
pair of constants a and b, @ = au + bv defines, locally, a harmonic function on M?. 
¢ cannot be considered a function on all of 7? because u and v are determined only 
up to multiples of 27. However, the gradient of ¢ = V@ = aVu + bVv involves 
only derivatives of wu and v and thus defines an analytic vector field V¢ on M*. For 
convenience ./? is covered, with analytic overlaps, by a system of isometric co- 
ordinates, so that ds? = d(x, y) ((dx)? + (dy)?).2 In these co-ordinates the Laplace- 
Beltrami operator assumes the form 


1 (0°%¢ ay 
A ea eis) 54 
od d ee ? dy?/’ 


hence ¢ is an ordinary harmonic function of the co-ordinates x, y. can therefore 
be written as the real part of a complex analytic function w(z) = @ + iy. Then 
Vo = or + thy = br — Wr = w'(2). 

Assume now that for any a, b not both zero that V@ = V(au + bv) has only a 
finite number of zeros. The topological index of an isolated zero of V@ = index of 
w'(z) = minus the multiplicity of the zero of w’(z) < 0. But the sum of the in- 
dexes of all the zeros of any continuous vector field on M? = Euler characteristic of 
M2 = 0.6 Hence each index must vanish, hence w’(z) is nowhere zero, hence V¢ is 
nowhere zero. V@ = aVu + bVv can be written as \ times the transposed Jacobi 
matrix acting on a vector with components a and b. Since V¢ = 0 only when a = 
b = 0, the matrix must be nonsingular, hence the Jacobian J of f is nowhere zero. 

On the other hand, it may happen that for some a, 6 not both zero there are in- 
finitely many zeros of V¢, hence an accumulation point of such zeros. But then 
the complex analytic function w’(z) must vanish identically in one co-ordinate 
neighborhood and thence by continuation in all, so that J is identically zero. 

Let the integer d = topological degree of f = (1/(27)?) f/ Jan J dS. If d = 0, 
J is somewhere zero, hence it is identically zero. If d # 0, J is nowhere zero, so that 
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fis a covering of T? by M*. If d = +1, then f is a homeomorphism. Thus the 
harmonic mappings from ./* to T? have maximum topological regularity. 


1[,. P. Eisenhart, Riemannian Geometry (Princeton, N.J.: Princeton University Press, 1949), 
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+A. N. Milgram and P. C. Rosenbloom, ‘‘Harmonic Forms and Heat Conduction. I,’ these 
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5],, P. Eisenhart, An Introduction to Differential Geometry (Princeton, N.J.: Princeton Uni- 
versity Press, 1947), pp. 161-165. 

6 P. Alexandroff and H. Hopf, T’opologie (Berlin: J. Springer, 1935), p. 549. 


ON EXTREMAL QUASI-CONFORMAL MAPPINGS. II 
By Murray GERSTENHABER AND H. E. Ravucu 
DEPARTMENT OF MATHEMATICS, UNIVERSITY OF PENNSYLVANIA 
Communicated by Einar Hille, July 12, 1954 


1. Preliminary Remarks.—In the present note, an immediate sequel to one! 
of the same title in these PRocEEDINGs, the final step in the proposed variational 
principle leading to extremal quasi-conformal mappings of one Riemann surface 
S; on another S» is discussed. 

In a capsule, an extremal quasi-conformal map is, for our purposes,” one which 
(a) has constant dilation and (b) is harmonic with respect to some conformal met- 
ric 7 on Ss; and in the preceding note it was shown that a map f which minimized 
the Dirichlet functional /(f*n) for fixed 7 satisfied b. In this note it will be shown 
that if certain reasonable continuity assumptions are valid, then, if one varies 7 = 
\ dw dw, subject always to the condition of fixed area, 


A(n) =5// Adw A dw = {J VEG — F? dx dy = JAC) =. 
me Se 7 Si J Si 


choosing f as the corresponding harmonic map, the f belonging to the 7 for which 
I(f*n) = max. will satisfy a. A conformal metric 7 on S2 satisfying formula (1) will 
be called a normalized form of type (1, 1). 

A little reasoning shows that at the exceptional points (finite in number) where 
the resulting extremal f is conformal the extremal y (which plays only an auxiliary 
role) must cease to be definite, i.e., \ must be 0 at those points. 

The difficulty is that as 7 varies, f does, too; and an estimate of this variation is 
needed. That means that in order to establish the variational condition, one first 
needs a sharpened existence theorem, to be formulated in section 2 as a continuity 
assumption, which, though plausible, is unproved. The tentative nature of the 
result is emphasized by awkward details of a similar nature in the proof thereof. 

Because the result depends on an unverified assumption, it is formulated not as 
a theorem but as Proposition 1. 

Proposition 1. Let f be a homeomorphism of a Riemann surface S; onto another, 
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Se, harmonic relative to a normalized form n of type (1, 1) on S2 and with the property 
that, if g is a homeomorphism homotopic to f and harmonic relative to some normalized 
form p of type (1, 1) on So, then I(f*n) > I(g*p). Then f has constant dilation. 

The proof is given in section 3. 

2. Continuity Assumplion.—Let S; and S. be Riemann surfaces, on the first of 
which is given a covering by a finite set of co-ordinate neighborhoods N; with cor- 
responding local parameter z;; let 7 be a normalized quadratic form of type (1, 1) 
on So, f be a homeomorphism of 8; onto S. which is harmonic reletive to 7, and 
be a real-valued, everywhere defined, several timcs continuously differentiable 
function on S.. Then, for all sufficiently small real positive e, 7, = (1 + e&A)n isa 
positive quadratic form of type (1, 1) on So, and it will be assumed that for every 
e sufficiently small there can be found a homeomorphism f, homotropic to f such that 
the set of homeomorphisms H*‘ = ff,~' of S; onto itself has the following properties: 
(1) For every point p on 8S, there exists an 7 independent of « such that both p and 
H‘(p) are in N,. For a fixed p, let N denote this co-ordinate neighborhood and z 
the corresponding local parameter. Let H* be represented in a neighborhood of 
p contained in N by z—~ z+ A(z). (2) Choosing any compact subset of N, let 
so, Si, So denote the supremum over this subset of Ah‘, h.‘, hz‘, which functions 
may, however, fail to be defined at a finite number of points. Then s;‘e~'/? > 0 
ase—>0O,)7 = 0, 1,2. It is likely that a stronger theorem is in fact true. 

3. Proof of Proposition 1.—Suppose that the proposition is false. If \ is a 
real-valued, everywhere defined, several times continuously differentiable function 
on So, then A* will denote the function on S, defined by A*(p) = A(f(p)). The local 
dilation of f will be denoted by D. As D is not constant, it is possible to find a 
function \ on S. with the following properties: (i) fg, \ dA(m) = 0, where dA (n) 
is the area differential of ». It follows that f;, \* dA(f*n) = 0, the area differ- 
ential being unchanged by a differentiable mapping. (ii) Let the subdomains of 
Si, where \* is positive and negative, be denoted by U and V, respectively. Then 
supy D < infy D. 

Expressing f*n locally as EF dx? + 2F dx dy + G dy’, it is shown by Teichmueller 
that D is the ratio of the larger characteristic root of the matrix i: a to the 
smaller. It follows that d/(f*n)/dA(f*n) = 1/.(E + G)/(EG — F2)'? = 1/(D + 
D-' + 2)’, which is an increasing function of D, since D > 1 everywhere. Let 
this function be denoted by B. Then supy B < inf, B, and it follows from this and 
from property i that [(f*\n) = Jf&, A* dl(f*n) = Sy, * dI(f*n) = S&, A*B dA 
(f*n) > 0. 

For sufficiently small positive real ¢, (1 + eA)n = 7, is a normalized quadratic form 
of type (1, 1) on S;. Let S. be covered by a finite number of co-ordinate neigh- 
berhoods N,, and let f, denote as before the homeomorphisms whose existence is 
postulated by the continuity assumption. Then it will be shown that, for all 
sufficiently small ¢, /(f.*n.) > /(f*n), against the hypothesis of the proposition. 

As I(f *ne) — 1(f*n) = [( fn.) — 1(f*ne) + 1(f*n.) —L(f*n) = (fh *ne) —1(f.*ne) 
+ el(f*\n), it is sufficient to show that /(f.*n,) — I(f*n.) = 0(€) ase—0. To this 
end, let S, be triangulated by a finite set of closed simplices o;, each of which has a 
piecewise smooth boundary, with the further property that for every simplex ¢; 
there is a co-ordinate neighborhood N; of the covering such that, for all sufficiently 




















MATHEMATICS: GERSTENHABER AND RAUCH 993 







































Vou. 40, 1954 


small ¢, both o; and H‘o; = ff,~'o; are contained in N;._ If z is the local parameter 

for V,;, then in o;, H* will be represented by z —~ z + h‘(z) as before. Since the 

o, are compact, hypothesis ii of the continuity assumption will be applicable. 
From formula (4) of the preceding note, 


I(f*n) — [(f*n.) = 1(f*n) — [(f*n) + elf (f.*dn) — 1(f*dn)] = 
2 SSs, Ria (ze + h®) A + h,)hz‘| dz A dz 
+ 2et fs, *(z + Riaz + h‘) (1 + hz‘)hz‘] dz A dz 


The integrand in the second term, if extended over any simplex ao, is 0(e’’), since 
sup |h;‘| is o(e”*) there. As there are only a finite number of simplices, the second 
term is o(e”*). The problem is, therefore, to show that the first term is 0(e), i.e., 
to show that ffs, a(z + h*) (1 + h,)hs dz A d? = o(e). 

Since f is harmonic relative to 7, a is analytic by the theorem of the preceding 
note. Therefore, in any simplex o, a(z + A‘) — a(z) = h‘a’(z) + terms of higher 
order in h, whence sup, | a(z + h‘) — a(z)| < esup, | A‘|, where c is a constant inde- 
pendent of «. As the suprema of | h*, | he*| ,and |h;‘! over o are all o(e'”), it follows 
that 





Sf, ale +h) 1 +h.) hg dz A di = Sf, a(z)hz dz A dz + 0(€). 


Summing this equation over the various simplices, the left side becomes the integral 
over S;, but the integral on the right side can no longer be so represented, since the 
integrand is not invariant under change of local parameter. In any case, the prob- 
lem is reduced to showing that >>; Jf; a(z)hz‘ dz A dz equals o(e), where, in each 
integrand, z is meant to be the appropriate local parameter. 

At all except the finite number of points where h‘ fails to be differentiable, a(z)h;‘ 
dz Ad = —d(h‘a(z) dz). If a simplex o contained none of these points, it would 
be the case by Stokes’s theorem that ff, a(z)h;‘ dz A dz = — fy, h'a(z) dz. If any 
of these points are present in o, then, by covering each by a small circular disk the 
diameter of which is allowed to shrink to zero, one finds that the equation holds 
anyhow. Therefore, >; Jf; a(z)hs dz A d? = — XY, foo; h‘a(z) dz. 

If h‘a(z) dz were invariant under change of local parameter, the proof of the 
theorem would now be at an end, since each of the contours of integration is covered 
twice, once with positive and once with negative orientation, the sum on the right 
would vanish identically. This does not happen, but it is sufficient to show that 
if y is one of the contours of integration under consideration, then the difference 
between the integrands integrated in the positive and negative directions is 0(e) dz, 
where z is the local parameter of either of the simplices incident on y. For this 
purpose, let h‘a(z) dz be written formally as (h‘/dz) a(z) dz. The factor a(z) dz? is 
invariant, and, being the component of f of type (2, 0), let it be denoted by g. Then 
ha(z) dz = (h‘/dz)¢. 

Suppose, now, that z is the local parameter for one of the simplices incident on + 
and w the local parameter for the other. Then, in a neighborhood of y, H‘ is repre- 
sented simultaneously by z —~ z + A‘ and, say, by w>w-+k*. Then, on changing 
the direction of integration, (h‘/dz) is replaced by (A*/dw). The parameter w is an 
analytic function w(z), and w + kf = w(z + h‘). Therefore, © = w(z + h*) — 
w(z) = h*(dw/dz) + terms of higher order in AS = A‘(dw/dz) + o(e), whence 
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(k*/dw) — (h/‘dz) = o(e)a(z) dz. This is the difference of the integrands and is 
indeed of the form 0(e) dz. 

We have therefore come to the end of the proof, it being demonstrated that 
I(f.*n.) —1(f*n) = el(f*dXn) + 0(e), which must be positive for all sufficiently small 
e, a contradiction to the hypothesis of the proposition engendered by the assump- 
tion that the proposition was false. 

' All notation, etc., of that note is retained here. See these PRocEEDINGS 40, 808-812, 1954. 

2 It must not be inferred from A of the preceding note that “‘extremal’’ means just constant 
dilation. Teichmueller used ‘extremal’’ to mean ‘‘smaller dilation than other maps in same 


homotopy class’’ and then attempted to deduce a and b. 


THE DERIVED ALGEBRA OF A BANACH ALGEBRA 
By S. HreLG@ason 
DEPARTMENT OF MATHEMATICS, PRINCETON UNIVERSITY 
Communicated by S. Bochner, August 4, 1954 


According to Gelfand’s theory of Banach algebras, an arbitrary commutative 
Banach algebra A can be represented homomorphically by an algebra A, which 
consists of continuous functions 2 vanishing at infinity on a certain locally compact 
Hausdorff space 2. MW is the space of regular maximal ideals in A taken with the 
weakest topology for which the functions in A are continuous. If the representa- 
tion x — Z is one-to-one and hence is an algebraic isomorphism of A onto A, the 
algebra A is called semisimple. A is called self-adjoint if A is closed under com- 
plex conjugation. The norm in A is denoted by | I, and A is taken with the 
norm ||2||., = sup |(M)|. 

Me®M 

Let now A be a commutative semisimple Banach algebra with an identity 

element. For every x « A we consider the quantity 








iol, - sup — [lawl | 
I|x\Io a yeA aii y| a, (1) 











and let Ao be the set of elements in A for which (1) is finite. Then one proves 
easily: 
THEOREM |, Ag ts a semisimple Banach algebra under the norm || ||o. 
There is a close connection between the ideal structures of A and Ao. In fact, 
Mt and Wy denote the maximal ideal spaces of A and Ao, we have the following: 
THEOREM 2. There exists a mapping © of Mo into WM such that 
(i) @ 7s a homeomorphism, and o(Mo) ts open in Me. 
(ii) Statement (i) holds also if M@ and My have the hull-kernel topologies. 

Mo can therefore be regarded as imbedded in YJ, and the representation algebra 
Ap can similarly be imbedded in A, because, if x € Ao, the function in Ay that repre- 
sents x coincides with the restriction of x to (Mo). 

For every commutative Banach algebra A, a class of continuous linear func- 
tionals is given by the set A of homomorphisms of A onto the complex numbers, 
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because these homomorphisms hf are automatically continuous. The equations 
h(x) = x(M), h-(0) = M, 


identify A with M. 

For the derived algebra Ao it turns out that these are essentially the only con- 
tinuous complex linear functionals, because the next theorem shows that every 
such functional can be decomposed into homomorphisms. 

THEOREM 3. Let A be a semisimple, self-adjoint Banach algebra with an identity 
element. To any continuous complex linear functional F on the derived algebra Ao 
corresponds a complex Radon measure py on Ay = Wey such that, for any x, y € Ao, 


F(zy) = Sho(zy) dur(ho). (2) 
Ao 


We have always assumed that the original algebra had an identity element. 
This turns out to be an unnecessary assumption in many cases, because (1) 
may have the desired norm properties such that Theorem 1 holds, even if A 
does not have an identity. A more general method for finding the derived algebra 
would be to adjoin an identity to A, because the enlarged algebra A, will be semi- 
simple as well as A itself, and the derived algebra (A,)) exists. These two methods 
lead essentially to the same result, since the relation (A,)o M A = Agholds. Also, 
one can prove (Ay)o = Ap. These remarks are relevant to the discussion of the 
following examples. 

Example 1: Let A = L'\(0, 27). This is the group algebra of the circle group. 
A is semisimple, and the derived algebra Ag exists. The following theorem exhibits 
for Ag a property which is shared by L?(0, 27) and in fact characterizes L2(0, 27) 
among all the spaces L?(0, 27), p > 1. 

THeorEeM 4+. Jf A = L'(0, 27), the derived algebra Ag has the following properties: 
(i) Ap > L?. 

(ii) If (a,) are the Fouriercoefficients for a function in Ao and |b,| < An! for every 

n, then there exists a function in Ao whose Fouriercoefficients are (b,). 

Remark 1: Theorem 4 generalizes to compact commutative groups. 

Example 2: Let A be the set of Bohr almost periodic functions. A is a Banach 
space under the norm ||| = sup,|2(é)| and a Banach algebra under pointwise addi- 
tion and convolution multiplication: 2x*y(t) = M,(x(t — s)y(s)), where M de- 
notes the mean value. A is semisimple, as follows from the uniqueness theorem for 
the Fourierseries representation x(t) ~ dca(A)e™. 

THEOREM 5. If A is the convolution algebra of almost periodic functions, the de- 
rwed algebra Ao consists of those almost periodic functions that have absolutely conver- 
gent Fourterseries. Moreover, if x(t) ~ Yia(d)e-™, then ||z\\o = Yla(a)]. 

Remark 2: Theorem 5 generalizes to arbitrary commutative groups. 

Property (ii) in Theorem 4 can also be stated as follows: 


Apo is an ideal in C” (Mo), 


where C(t) denotes the algebra of all bounded continuous functions on Mb. 
This statement is obviously true for the algebra in Example 2 and can, in fact, be 
proved for more general derived algebras by means of Theorem 3. 








ON THE MEAN INVERSION OF FOURIER AND HANKEL TRANSFORMS 


By Cari 8. Herz* 
MATHEMATICS DEPARTMENT, CORNELL UNIVERSITY 
Communicated by S. Bochner, August 4, 1954 


Let ¢ denote a point of Euclidean k-dimensional space R,. If F(t) « L?(,), 1 < 
p < 2, F has a Fourier transform G(s) ~ fk, exp (is-0)F(t) dt. C shall denote 
any convex polyhedron in &, containing the origin in its interior and nC, n > 0, 
its dilations. The following theorem was communicated to the author by 38. 
Bochner. 

THeoreM 1. Jf F ¢ L’, 1 < p < 2, then F,(t) = (1/(2 r)) fic eap (—is-t)G(s)ds 
also belongs to L? and Li.m. F(t) = F(t) in the pth mean. 


The restriction that C have a finite number of sides is essential, for, if B denotes 
the solid sphere in R,, we have Theorem 2. 

THEOREM 2. Let F have the form F(t) = f(t-()P()/\t)", where P(t) ts a harmonic 
polynomial homogeneous of degree v. If F ¢€ L?, 2k/(k + 1) < p< 2, then F,,(t) = 
(1/(27)*) Sip exp (—is-OG(s)ds also belongs to L’ and Lim. F(t) = F(t) in the 


prains 
pth mean. For each p, 1 <p < 2k/(k + 1), there exists an F ¢ L” of the prescribed 
form for which F,,(t) does not belong to L° for any n, except for a possible discrete set 
depending on F. 

The spherical summability of Theorem 2 suggests consideration of Hankel trans- 
forms. As a matter of notation, put A,(2) = J;(2+/x)x~°”, and take y a real 
number greater than or equal to —'/s, vy a nonnegative real number, and L,’) the 
Banach space of functions defined on (0, ©) normed by ||f{| = {h°| f(x) |?x7 dx} '’?. 
The Hankel transform is described by Theorem 3. 

THEOREM 3. g(y) ~ Sy" A,4,(ay)(ay)”*f(x)ax7 dx is a linear transformation of 
L,? into L,’ for 1 < p < 2, where (1/p) + (1/p’) = 1. 

A rather general connection between Fourier and Hankel transforms is given in 
the next theorem. 

THEorEM 4+. Let F have the form F(t) = f(t-t)P(t)/|t)", where P(t) is a harmonic 
polynomial homogeneous of degree v. If F ¢ L? (Ry), 1 < p < 2, and G is its Fourier 
transform, then f « L,’, y = (k — 2)/2, and G(s) = O’@’/*g(4/48+8)P(s)/ |s|”, where 
gy) ~ fo A,+.(xy) (ay) F(a) ax da. 

Theorem 2 is thus a corollary of Theorem 5. 

TueoreM 5. If fe L,’, 4((y + 1)/(2y + 3)) < p X< 2, and g is the Hankel trans- 
form of Theorem 3, then f(x) = So"A,+(ry)(ry)’’g(yydy likewise belongs to 
L,’), and Li.m. f,(x) = f(x) in the pth mean. For each p, 1 < p<4((y¥ + 1)/(2y + 


anda 
3)), there exists an f ¢ L,’ for which f,(x) does not belong to L,’ for any n, except for a 
possible discrete set depending on f. 

All these theorems are well known in the case k = 1, y = —'/». In particular, 
Theorem 5 with y = —'/2 is due to Wing.! 

Bochner’s proof of Theorem | is very elegant. Let F ¢ L? (R,), 1 <p < 2, bea 
continuous function whose Fourier transform G vanishes outside a compact set. 
Let H be any hyperplane not through the origin. We shall define a projection 
By such that ||FyF ||, S M,| P| |», and the Fourier transform Gj of #,F is the fune- 


996 











f (2) = exp (—2z)a?, we have g(y) = 2 
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tion G(s) = G(s) if s is on the same side of H as the origin, and zero otherwise. 
Without loss of generality we may take the hyperplane to be s; = a > 0. Set 


‘ : ta = ath ~1p Mh — 7). 
k n™(h, be... ly) = £ T 7 Pititic. 2 <: l,) dry. 


w(t; _ T}) 


By the well-known theorem of Marcel Riesz,? ||F',*||» < M,||F'||,, where M, is the 

norm of the Hilbert transform. For sufficiently large n, the Fourier transform of 

F,* isGy; we define Lyf = lim F,,*. The set of F’s restricted as above being dense 
u— 

in L’, we may conclude that Hy is a projection on L” defined for all functions in this 

| | 

| 


||| S M,. It is obvious that, if H; and H2 are any two hyperplanes, 





class; 
Ky Eu, = Eun, Now let C be any convex polyhedron, i.e., the region bounded 
by a finite number of hyperplanes H),..., Hi. Set He = Ky,...La; Hcis again a 
projection on L’. If F is restricted as in the beginning of this paragraph, then 
k,°F = F for sufficiently large n, where L,¢/ may be written explicitly as 


l 
E,cF() = F,() = ain exp (—is-t)G(s)ds. 


n¢ 
1: | yy || ’ : : 
Since ||Hyc|| S M,’, we may conclude that /,,¢ converges strongly to the identity on 
L’(R,). 

Theorem 3 is proved by means of the Riesz convexity theorem. Since 
A, +, (xy)(zy)? is bounded, we clearly have a mapping of 1.,' into L”. Next 
we show that the Hankel transform is unitary on L,*, and from this fact the 
theorem will follow. Take a complex number z with Re(z) > 0. Then, if 

v v 
¥—*—! exp (—yz')y? by the well-known 
Sonine integral.* It is an elementary calculation to check that the Hankel 
transform preserves inner products of functions of the type specified. Thus 
* generated by finite linear 


the Hankel transform is unitary on the subspace of L,- 


combinations of functions of the form exp (—2z)x?, where z runs over all complex 

numbers with positive real part. Since this subspace is dense, the transformation 

may be extended to all of 1,7. One may easily verify that it has the concrete repre- 
v 

sentation g(y) = Lim. fo” A, + (zy)(ay)?f(a)a7 dz. 


n=« 
Theorem 4 is essentially a restatement of a theorem of Bochner.‘ 
The affirmative part of Theorem 5 follows by a strict imitation of the method of 
Pollard’ and Wing.’ Write 6 = y + »; then 


iia- nit ‘f tAg4 sea ire Bees (ny) A ;(na) (xy)? f(y)y? dy, 


the integral being absolutely convergent for 1 < p < 4 (y + 1)/(2 y + 1), since 
6 1 
Aj(z) = O(x 2? *) asx — o. The n is readily eliminated; ||fi|| < M|/f| 


for all f « L,’ implies || Fal | < M|if\|. Put ¢(z) = x f(z), V(r) = rof,(z). We 
have to show that ¢ « L? implies y ¢« L’, where 


bo 2 ye’ 2 ely) dy. 


W(x) = { TAs, (2)As(y) — yAs + (YAd(z) a t= T+? 


x—y 
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‘To do this, we consider separately 


y+ (a) = f PAs DAW) op tayo? +2 oly) dy, 


vi 
v(x) = 4 a ae : 1) 9 Saye’ *2 oly) dy. 


The reasoning is essentially the same in both cases; we shall treat only y-(2) 


Observe that 
v—(x) = bi(x) f “ek dy, 


where b; and b: are uniformly bounded and a = !/, — y('/2 — (‘/p’)). Hence we 
have only to show that 


i n ys 
f ely) (?) dy « L’, whenever ¢ « L’. 
0 c—y\e 


However, by the theorem of Marcel Riesz on Hilbert transforms,? 


2 o(1 
| ely) dy « L’, 
r—y 


vi) 


provided that ¢ « L? and p> 1. We are now reduced to the problem of showing 


that 
| ¢(y) | (") Mi 1 eeu 
Jo xr — yi \x 


and a known criterion’ for this is 


ea ’ a l a 

| Y y (1/p) dy < ©, 
Ji) y _ l 

i.e., (1/p) > aor 4 ((y + 1)/(2 y + 3)) <p. For handling ¥+ we should need the 

inequality p < 4 ((y + 1)/(2 y + 1)). To conclude the affirmative part of Theo- 

rem 5, we simply note that L.i.m. f, = f for all continuous functions whose Hankel 


im © 
transforms vanish outside an interval, and, since these functions are dense in 
L,’, the claim may be extended to general f. 
To see that the estimate on p is the best possible, choose a 8 > (1/p’) and con- 
sider 


l v 
f(z) = (1 — x)®~' 2? for z < 1, f(z) = O when x > 1. 
(8) 


f«L,’, but, by a known formula,*® we have 


ee ” 4 
gy = ¥ PB) rf A,(ay)(1 — 2)8~' a? dx = Ass g(y)y’. 


Integrating by parts in two different ways, we obtain 














we 
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fala) = 2°”? SO" As(zy) Ass aly)y’ dy 


v 


n? +1 y2 


7 
7. eel [tA54,(nz)As4(n) — Astggs (n)As(naz)] + 


v 
Bx? 


l-—@2z 


f A,(ry)Asse4ily)y’ dy. 
0 


It is easy to see that, for B > 1, f,(2) — f(x) uniformly in every closed set excluding 
0, 1, and ». However, for large x, the dominant term is (n°*'x’?/(z — 1))- 
tA54,(nx)Az44(n), but 


A nz)| 2’ dz = @ forall p < 4 ‘ 
1 , 27+3 
Consequently, if p violates the hypothesis of Theorem 5, then f, « L” only if As 4(n) 
= (0, that is, for a discrete set of n’s as claimed. In the context of Theorem 2 the 
counterexamples take the form 


c= ‘ i sh 


l 
F(t) = —~ (1 — t-t)?7' Pb) 
I'(8) 
for It < 1, and 0 otherwise. 
We have not succeeded in establishing the affirmative part of Theorem 2 for the 
most general functions F(t) « L?(R,). 





* This research was supported in part by the Office of Ordnance Research, U.S. Army, under 
contract DA-30-115-ORD-439. 
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NOTE ON A PAPER BY MURNAGHAN 


By KE. M. [prRAHIM 
IBRAHIM UNIVERSITY, CAIRO 
Communicated by F. D. Murnaghan, January 6, 1954 


In a recent paper,’ Murnaghan mentioned a theorem which he used to calculate 
the plethysm {8} @ {3}. The object of the present note is to show that this 
theorem is a particular case of Theorem II which the author has mentioned else- 
where.'! Also this note gives a method which determines some concomitants which 
are common to both {m} @ {n} and {n} @ {m} for the linear group of any dimen- 
sion. 

The plethysm {8} @ {3} has been calculated by Murnaghan using the theorem 
that the terms beginning with n in either {1”} @ { 1" or {1} @ {n} are obtained 
by prefixing n to the terms of the analysis }1"~'! @ {1"} or {1™—"'} @ {nf re- 
spectively. In fact this is a particular case of Theorem II that ‘“‘The principal parts 
of the product of the expressions 


[{ra.. Arf @ {LPM Efaa---, wel @ L1G] 


appear as terms in the expansion of |; + wi, ...,A, + ur} @ fn}. 

According to the previous theorem the principal parts of the expression [}m — 
1} @ fi" J[{1} @ {1"}] appear as terms in {m} @ {n}. Taking the conjugate 
of the previous result, when m is even, we find that the principal parts of the product 
of the expression [{1"~'! @ {n}][{1} @ {n}] appear as terms in 1” @ {nf. 
If m is odd then the principal parts of the products of the expression [}1”~'} @ 
imt }[}1} @ {n}] appear as terms in 1”! @ {1"}. This explains the reason of 
prefixing » to the terms of the ren 4 sis }1"—'! @ {n} and {1"—! @ | 1" to obtain 
the terms beginning with n in {1"} @ In} and {1"! @ | 1" respec iol: 

The value of the plethysm {8} @ {3} which ina been cedtilaied by Murnaghan’ 
using rather a long method could be deduced very easily if we consider the principal 
poriaot the product of the expressions [{6} @ } 3} Mt) @ {3} ina [{6} @ } 13] x 

}2} @ }15}]. The values of the plethysms re @ {3}, {2} @ {3}, {6} @ {14, 
1} ® | 1% could be found from the tables showing the expansion {A} @ {ul for 
all partitions up to a total degree of 18 in the resultant. These tables are cal- 
culated by the author and copies are available on request from The Royal Society, 


London. 

The principal parts of [{6} @ {3} ][{2! @ {3}] = [{18} + 16.2} + 415.3} + 
114.4 + {14.27) + {13.5} + {13.4.1} + 2/12.6) + 2.4.21 + {11.6.1f + 
11.5.2} + {10.8} + {10.7.1} + {10.6.2} + {10.42% + {9.6.3} + {82.2} + 
18.6.4 + {63} ][{6} + [4.2] +12 23! J and of [{6} @ {15} |[{2} @ 413] = [{16.12} + 
115.3} + {14.3.1} + {13.5} + {13.4.1} + {12.6} + {12.5.1} + {12.37} + [11.7}+ 
}11.6.1} + $11.5. 2} 4110.7 AY + [10.5.3} +) 9} + 19.7.2} + {9.6.3} + {8.52} + 
PATaTELe | + {32}] will give the following boas {oa} + {22.2} + {21.3} + 
{20.4} + {20.27} + {19. 51 + {19.4.1} + 2/186) + {18.4.2} + {17.7} + 
1 17.6.1} + 117.5.2} + 2{16.8} + | 16.7. Ms ‘ 16.6.2} + {16.42} + {15.9}+ 
115.8.1} + {15.7.2} + {15.6.3} + {14.10} + {14.9.1} + 2/14.8.2} + {14.6.4} + 
{13.10.1} + {13.8.3} + {13.7.4} + {127} + {12.10.2} + {12.9.3} + {12.8.4} + 
112.67} + {11.8.5} + {102.4} + {10.8.6} + {83}. 
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By D. E. Littlewood’s third method,” these previous types could be, very soon 
verified to be exactly the value of the analysis }8} @ {3}. 

Concerning Hermite’s Law of Reciprocity, it is well known that long ago Hermite 
himself first proved that ‘“The number of invariants of the nth order in the coefh- 
cients possessed by a binary quantic of the pth degree is equal to the number of 
invariants of the order p in the coefficients possessed by a quadratic of the nth 
degree (Cambridge & Dublin Math. Soc., Vol. VI). Later he proved that this 
theorem applies also to the covariants of any given degree in x, y. 

G. Salmon‘ proved the same theorem by easier methods yet he did not extend 
it for higher than the binary case. 

However, by the use of Theorem I and IV! which states that ‘The principal 
parts of the products of individual terms in the expression of [}\x, ... A,{ @ 
tnt |[tur ... wet @ {nt | appear as terms in the expansion of }\; + uw... A, + u,} @ 
\n}”’? and ‘“The principal parts of the products of terms from the expression [}\} @ 
tur, ---y Mr IEA} @ fra, ..., v--] appear as terms in the expansion of {A} @ 
fur + 1, ..-, Mr + v,{,”’ Some concomitants in more than 2 variables will appear 
in both }m} @ }n} and }n} @ }m}. 

The following example illustrates the usefulness of the mentioned theorems. 
To find some of the concomitants that appear in both {8} @ {3} and {3} @ {8}: 

According to Theorems I and IV the principal parts of the products [}3} @ 
13} | [{5} @ {3}] and [{3} @ {3}][{3} @ {5}] appear as terms in {8} @ {3} and 
13} @ {8} respectively. 

Again the principal parts of the poe 13} @ {3} ][{2} @ {3}] and [{3} @ 
13} ][{3} @ {2!] appear as terms in {5} @ {3} and {3} @ {5} respectively. 

Lastly the principal parts of the product {2 @ fatj({o} @ {1}] and [{2} @ 





2} \[{1} @ {2!] appear as terms in {2} @ {3} and }: 3H @ {2} sieaiaadiinilte 
"een some of the concomitants that appear in Sinai 18} @ {3} and {3} @ {8} 


for the linear group of any dimension are the principal parts of the products 
[{3} ® ve @ 3} 12} @ (22H 

which are {24} + {22.2! + {21: ( 

118.6! + {18.4.2} + hia} hte 

onellagh eee BM it 2} 

(14.6.4) + {13.8.3} + {12.10.2}. 


The theorem stated by Murnaghan is that 
ifm} @ {PIR — 1] = [fm +1} @ fhe — 1} ifm. 


Yet by Theorems I and IV it could be deduced that the principal parts of [{m} @ 
tk — 1} ]{{m}]{k — 1} appear in both [{m} @ {kt ]{k — 1} and [{m + 1} @ 
tk — 1} l{m} for om linear group of any dimension. 
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'Tbrahim, E. M., Quart. J. Math. Oxford (2), 3, 50-55 (1952). 

* Littlewood, D. E., Phil. Trans. Roy. Soc. (Lond.), A807, Vol. 239 (1944). 
’ Murnaghan, F. D., Proc. Naru. Acap. Scr., 37, 439-441 (1951). 
‘Salmon, G., Higher Algebra, Dublin, 1885. 








A REMARK ON DETACHED SHOCKS 


eighteens 
By T. Y. THomMas 
INDIANA UNIVERSITY AND NUMERICAL ANALYSIS RESEARCH AT UCLA 
Communicated August 5, 1954 


1. The steady motion of an ideal gas without viscosity and thermal conductivity 
is governed by the differential equations 


(pu.).- = 0 (equation of continuity), (1) 
Dia t PUgleo = O (equations of motion), (2) 
VYDUo.¢ — MMgglatg = 0 (entropy condition), (3) 


where wa, p, and p are the components of velocity, the pressure, and the density, 
respectively, and y is the usual gas constant.'! As written, equations (1), (2), and 
(3) are referred to a system of rectangular co-ordinates za. Now these equations 
are strictly invariant under the point transformation xa = axa’, Where a is a con- 
stant, combined with the identical transformation ua = Ue’, p = p’, and p = p’ of 
the velocity components, the pressure, and the density, respectively. It is assumed 
that we are dealing with a specific gas, so that y is constant throughout the discus- 
sion. 

If F(x) = 0 represents a shock surface in the original flow, this equation will be 
transformed by the above relation ta = daze’ into an equation F’(x’) = 0, which 
gives a shock surface in the transformed flow. In fact, a point P contiguous to the 
surface F = 0 is transformed into a point P’ contiguous to F’ = 0, such that the 
velocity, pressure, and density are the same at the two points P and P’. In addi- 
tion, it is easily seen that va = va’, Where va and va’ are the components of the unit 
normal vectors to the surfaces F = 0 and F’ = 0 at the points P and P’, respec- 
tively. Hence it follows that the shock conditions are satisfied over the surface 
F’ = O if these conditions are satisfied over the surface F = 0. 

In the case of a configuration consisting of a shock produced by a body in a uni- 
form supersonic stream, it is easily seen that the incident flow will be left unaltered 
by the above point transformation and the associated transformation of the hy- 
drodynamical quantities.2, We shall now apply this simple consideration to de- 
duce the structure of the equation for the distance D of the detached shock from the 
center of a sphere (or circular cylinder) of radius R placed in a uniform stream of 
Mach number M (>1). The method can also be used to obtain the form of the 
relationship between PR, M, and the curvature « at the nose or vertex of the detached 
shock. Since these formulas are exact, they permit at least a partial experimental 
check on the applicability of equations (1), (2), and (3) independent of any of the 
special or simplifying assumptions which have been used in the theoretical treatment 
of detached shocks. 

2. To fix our ideas, consider the case of a circular profile of radius R in a uniform 
supersonic stream. Denote by S the shock line which is produced in front of the 
profile, and let D be the distance from the vertex of S to the center of the profile. 
Also denote by 7, p:, and W the constant values of the pressure, density, and veloc- 
ity in the uniform stream. Assuming that equations (1), (2), and (3), combined 
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with the shock conditions, which we do not need to consider explicitly, give a unique 
solution of this free boundary problem, it is evident that the distance D must be a 
function of the quantities », pi, y, W, and the radius FR of the profile. Hence we 
can write 


D = f(p:, m, v, W, R). (4) 


But VW? = p,W?/ypi, or pi: = piW?/y M?*. Using this relation, we can eliminate 7, 
from the right-hand member of equation (4) to obtain an equation for D of the form 
D = o(y, M, R, W, pi). Now W and R have the dimensions L/T and L, where L 
and 7’ denote the units of length and time. Also, p; has the dimension M/L‘, 
where MV is here used to represent the unit of mass. The Mach number / and gas 
constant y have no dimension, i.e., their values are not affected by changes in the 
fundamental units of length, time, and mass. Let us now vary the unit of time, 
keeping the other units fixed. Then in the relation D = g(y, M, R, W, p,) only W 
will vary. Hence ¢ must be independent of W. Dropping the variable W as one 
of the arguments of the function g, let us now vary the unit of mass, the unit of 
length remaining unchanged. But this procedure allows the magnitude of p; to 
vary while the magnitudes of the other quantities in the relation D = ¢ are un- 
altered. It follows that D is expressible by an equation of the form D = g(y, M, 
R), where M is the Mach number of the uniform stream. 

Let us now apply the result of section 1. According to this result, if R ~ aR, 
then D — aD, where a is an arbitrary factor. Hence ¢(y, M, aR) = ag(y, M, R), 
and hence 


oly, M, Ht) only, MB) oly Mo) 





R aR aR 


for arbitrary a. In other words, the quantity g(y, /@, R)/R is independent of R. 
Denoting this ratio by ¥(y, M), it follows that D = ¥(y, M)R. The distance D is 
therefore proportional to the radius R of the profile with a factor ¥(y7,M), which is a 
function of the gas constant y and the Mach number M of the uniform stream. 

The above result, as well as the method of its demonstration, remains valid for 
the case of a sphere placed in a uniform stream of Mach number M (>1). 

For two circular profiles (or spheres) of radii R and R’, we have D/D’ = R’/R’, 
where D and D’ are the corresponding shock distances. This equation, which is 
valid for circular profiles (or spheres) in the same uniform stream, permits a direct 
experimental check on the applicability of equations (1), (2), and (3) for the solu- 
tion of this flow problem. 

3. Denoting by « the curvature of the shock at its vertex for the case of a circu- 
lar profile in a supersonic stream, the preceding discussion can be applied to show 
that « is given by an equation of the form x = g(y, @)/R. Thus the curvature of 
the shock at its vertex is proportional to the curvature 1/R of the circular profile, 
the coefficient of proportionality depending on the gas constant y and the Mach 
number M of the uniform stream. A similar result evidently holds for the sphere 
when « is interpreted as the curvature of the curve of intersection of the shock sur- 
face with a meridian plane through the axis of symmetry. The extension to de- 
rivatives of the curvature of higher order is obvious. 
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4. The complete determination of the shock distance D or the shock curvature 
x requires the determination of the proportionality function Y(y, 17) in section 2 or 
the function g(y, MM) in section 3. Presumably these functions are different for 
the cases of the circular profile and the sphere which have entered into this dis- 
cussion. Unfortunately, there appears to be no way to determine these functions 
short of the actual solution of this free boundary value problem, and the attempts 
which have been made in the literature to construct a function for the distance D 
involve one or more questionable hypotheses. 


! Prepared under a joint ONR-OOR contract with Indiana University. 

2 In view of the above facts and also the fact that the infinite wedge is left unaltered by the 
transformation rg = a2’, it has been pointed out by D. Gilbarg that there will be indefinitely 
many solutions of the detached shock problem for the case of the wedge in a given supersonic 
stream, provided that a single solution exists. On this basis he has questioned the possibility of 
the existence of a solution of eqs. (1), (2), and (3), exhibiting a detached shock for an infinite 
wedge in a supersonic stream. Similar remarks can be made with regard to the infinite half- 


cone. 


A NOTE ON THE ENUMERATION AND LISTING OF ALL POSSIBLE 
TREES IN A CONNECTED LINEAR GRAPH 


By Horace M. Trent’ 
NAVAL RESEARCH LABORATORY 
Communicated by T. Y. Thomas, August 2, 1954 


We call attention in this note to a few theorems concerning connected linear 
graphs. ‘The first two theorems give formal ways of finding the number of distinct 
trees that can be found in a specific graph, while the third gives a method of specify- 
ing each of these trees. Two dual theorems are given concerning complements to 
trees. 

Recently the author learned that some of these theorems had been discovered 
independently.!_ However, they were published in bulletins not generally available 
in this country and hence are not well known. Since they are of importance in cer- 
tain problems in applied mathematics, it seems worth while to present them here 
with different and shorter proofs. 

Assume that we have a connected linear graph which contains 8 branches and 
(vy + 1) nodes or junction points. Let the branches be numbered arbitrarily and 
designated by the symbols },, be, ..., bg. In the same manner, let the nodes be des- 
ignated by the symbols 7m, ms, ..., 41. Furthermore, let a direction be assigned 
arbitrarily to each branch by affixing an arrowhead to each of the branches. The 
graph can be specified, as is well known,? by constructing a rectangular matrix II 
of order (8 X v + 1), where the elements of the matrix are assigned as follows. 
Let a, be an element which occupies the jth row and kth column of x. Then 


ll 


| if the jth branch leaves the kth node, 
—1 if the jth branch enters the kth node, and 
0 if the jth branch does not intersect the kth node. 
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Each row of m contains exactly two nonzero entries, namely, a +1 and a —1I. 
Hence the columns of II are not independent, since the sum of all columns gives a 
null matrix. Let one column of II be deleted, say the (v + 1)th, thus giving a 
matrix which we shall call N and in which the columns are independent. The 
matrix V defines the structure of the graph in terms of the node-pairs (n; — ny, 4 1), 
(nm, — Ny +1), .) (My — M41); hence it is called a primitive node-pair connection 
matrix. 

It is also known? that a minor of order v taken from N has a value +1 if the cor- 
responding branches form a tree in the graph; otherwise, its value is zero. Hence 
the number of distinct trees in a specified connected graph is equal to the number of 
non-null minors of order v that can be found in NV. Clearly, then, each of the 
g!/(8 — v)!v! distinct minors could be examined in turn and the number of distinet 
trees established; but this process would be inefficient and time-consuming. 

A much more efficient method is given by the following: 

THEOREM |. The number. of distinct trees in a connected graph specified by a 
primitive node-pair connection matrix N is equal to the determinant of the matrix prod- 
uct N’N, where N’ is the transpose of N. 

Let 7 = N’N. First, it is to be noted that the elements of 7' can be written 
down by inspection of the graph, for, if 4, is the element of 7' occupying the jth 
row and kth column, we have 


t;; = (number of branches which intersect node /), 
ti 


) 


II 


— (number of branches which join node j to node kh) (7 # k). 


A simple proof of the theorem can be based upon the theorem of multiplication of 
determinantal arrays which was discovered independently by Binet and Cauchy. 
This Binet-Cauchy theorem can be presented by paraphrasing the statement found 
in A. C. Aitken, Determinants and Matrices (London: Oliver & Boyd, 1939, pp. 
86-87). 

Let the value of a minor formed from the matrix P by taking elements from rows 


@, Q,..., a, and columns (), Be, . . ., B,, be denoted by 
p(o 7) ay Psi 
fi, Bo, soeoey Bn 
Now, if the square matrix l’ of order k is formed by the matrix product U = AB 
.. RS, where A, B,..., R, S are of order k KX m,m Xn, ..., 7 X 8, 8 & k, respec- 


tively, the determinant of U is given by 


U!| = Dh... d A(, -ege) w(* Beit 
Uy 7 a P 


By Bo. ee 2B Vi Yaw os Fi 


R Pi Pz... Pe v Oj G2. or 
0; 09... Oy eee ‘ 


where the summations are taken over all sets of k columns taken independently 
from the columns of A, B,..., #, or alternately over all sets of k rows taken in- 
dependently from the rows of B,..., R, S. The expansion will vanish identically 
if any of the following inequalities hold: 


k> mh > hh «0,8 >t kb > 6. 
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Applying this theorem to our problem, we have 


st _ > v(2 2 see | v(@ Be... fr) 
B Br Bs... By | es ares 


Any assignment (of 8; 82... 8,) selects v rows from N and the corresponding columns 
of V’. If a given selection forms a tree, each minor on the right will have a value 
+1, since the determinant of a matrix is equal to the determinant of its trans- 
pose, and the product will be 1. If the choice is not a tree, each minor will have the 
value 0. Since the sum is taken over all possible selections of the @’s, it will consist 
of as many I’s as there are trees in the graph. This proves the theorem. 

The problem of finding the number of distinct trees in a graph reduces, therefore, 
to the expansion of a single determinant of order v, which is easily written down by 
inspection of the graph. 

We shall now prove a theorem which extends the concept to any elementary 
node-pair basis. Let V be an elementary node-pair connection matrix which is de- 
fined by N = NK, where K is a nonsingular matrix of order v and such that the 
elements of K are +1, —1, or 0 and |K| = +1. This is a generalization of basis 
such that it is no longer necessary to pair each of the first v nodes with the remaining 
one in order to define the connections of the graph. Now consider the product T = 
N’N = K'N'NK. From this we have |T| = |K’||N’N||K| or 

T| = (+1)(number of distinct trees in the graph)(+1) = |T\. 
Hence we can enunciate Theorem 2. 

TueoreM 2. If N is any elementary node-pair connection matrix for a connected 
linear graph, the determinant of the matrix product N'N gives the number of distinct 
trees in the graph. 

While Theorems | and 2 give ways of computing the number of distinct trees in a 
graph, there remains the important problem of specifying those v branches which 
constitute each of these trees. Such a listing can be made by the following tech- 
nique. Define a diagonal square matrix, B, of order 8 in which the diagonal ele- 
ments are the branch designations }y, bs, . . ., bg, in that order. The b,’s are simply 
labels attached to the branches. These labels are retained hereafter in matrix 
manipulations, where it is taken for granted that the ordinary rules of addition and 
multiplication hold. Now consider the square matrix L defined by the relation 


L = N'BN = K'N'BNK. 


Applying the Binet-Cauchy theorem to this relation, we have 
bo. - If e2ee es. 0 Vp 
L\i= pe K’( ") vi. e ) au ~7) 
: ee 0 «| eee ai a: oss Ve Oi-On: 5 ss. Os 
6; 62... 6, [oa 
y(2t ) «(75 ’)). 
2. ED st 
Since B is diagonal, the only nonzero minors of B that exist are those for which 


y; = 6; Recalling that |K| = +1, we find that the foregoing expression reduces 
to 








a (ia! ieee eee” aie 





































MATHEMATICS: H. M. TRENT 





1954 1007 





VoL. 40, 


| i) ae te vend » eee y 
L) = & (+1) v( "| a(” 9) v( 22 %) (+1). 
y Ti Tee. s Mes i ae 


Since the only nonzero minors of N and N’ that exist are those that define trees and 
their values are +1 in each of these cases, we find that 


mis 
alue L) = Yo byby,. . . bry 
ans- : 
the where each term in the sum specifies v branches which collectively constitute one of 
sist the distinct trees in the graph. The results are summarized in Theorem 3. 
THEOREM 3. Let B be a diagonal matrix of order 8, where the diagonal elements 
ore, are the branch designation symbols b,, bz, . . ., bg in that order, and let N be an elemen- 
1 by tary node-pair connection matrix; if the ordinary rules of multiplication and addition 
hold the determinantal expansion of the matrix product N’BN will consist of a sum of 
Lary terms equal in number to the number of distinct trees in the graph, and each term will 
dies consist of a product of v b;’s such that each such set of b;’s will form a distinet tree in the 
the graph. 
asis By a complement to a tree we mean the set of all branches of a graph not contained 
ing in a tree. Each tree has its own complement; hence there are as many distinct 
Pes complements as there are distinct trees in the graph. Dual theorems exist for 
complements which are based upon mesh connection matrices. 

Mesh connection matrices are found as follows: Consider the matrix equation 
II’n = 0, where 7 is a column matrix of 8 unknown elements 7), 72, . . ., 7°. We now 
seek solutions to this equation with the restriction that the 7’’s shall have values 

sii + a 1, or 0. There are “= B-p solutions, since the rank of IT’ is v. Let the 
ine! n’s from one such solution be arranged ina column matrix, say 1). Now define a 
matrix M such that the columns of M consist of u independent n;’s. The matrix 
ted M is called an elementary mesh connection matrix, since each nj selects a set of 
si branches which form one or more closed loops (or meshes) within the given graph. ; 
wre A minor of order m taken from M specifies a complement toa tree only if it is 
sin nonzero, in which case its value is + I By arguments similar to those in Theorems 
oly I-38, the following theorems concerning complements can be established. 
: al ['HEOREM 4. If a connected linear graph is defined by an elementary mesh connec- 
wer tion matrix M, then the number of distinct complements to trees in the graph is given by 
| the determinant of the matrix product M’M. 

THEOREM 5. Let B be a diagonal matrix of order 8, where the diagonal elements 
are the branch designation symbols b,, be, . . ., bg in that order, and let M be an elemen- 
tary mesh connection matrix; if the ordinary rules of multiplication and addition hold, 
the determinantal expansion of the matrix product M'BM will consist of a sum of 
terms equal in number to the number of distinct complements in the graph, and each 
term will consist of a product of u b;’s such that each such set of b;'s will constitute a dis- 
tinct complement to a tree in the graph. 

Proofs for Theorems 4 and 5 are omitted, since they are only trivially different 
) from those for Theorems 1, 2, and 3. 

; ' Okada-Onodera, “On Network Topology,” Bull. Yamagata University, 2, No. 2, 1952. 
aich ? Poincaré, Proc. London Math. Soc., 32, 280, 1901. 

ACES * Konig, Theorie der endlichen und unendlichen Graphen (Chelsea, 1950), 











ON TRINOMIAL EQUATIONS IN A FINITE FIELD 


By H.S. Vandiver 


DEPARTMENT OF MATHEMATICS, UNIVERSITY OF TEXAS 
Communicated August 16, 1954 


Introduction.—Let p be an odd prime and F[p”] denote a finite field of order p”, 
and consider the solutions s, ¢ of 


tr cs I> we 
y +9 = 1, (1) 
where g is a multiplicative generator of the nonzero elements of F[p”]; 7 is a fixed 
integer in the set 0, 1, ...,¢ — 1; 7 is a fixed integer in the set 0,1, ...,m — 1; 
p" — 1 = em; sisin the range 0, 1, ..., m — 1; ¢isin the range 0,1, ...,¢ — 1 


Let the number of sets of solutions s, ¢ of the above type be (7, 7)em. Then (noting 
relation (2) of the present paper) the maximum value for (2, 7)¢mismife > m._ If 
there exists a j for a fixed 7 such that (2, 7)¢m = m, we shall call this Case A of (1), 
and if 7 is fixed and (2, 7)-m = 1 for each 7 in the set 0, 1, ..., m — 1, we shall call 
this Case B of (1). In a recent paper! Mrs. E. H. Pearson and the writer consid- 
ered relation (1) for n = 1, equivalent to using congruences modulo p in (1), where 
we used, first, the less convenient terms and, second, extreme cases in lieu of Cases 
A and B (Paper T,, pp. 1284-1285). 

In Paper 7 problems of this character were, as far as I know, considered for the 
first time in the literature. However, the writer had been working on such ques- 
tions for some years previously but did not publish his results. As it may be pos- 
sible some time not too far in the future to check various criteria that we have ob- 
tained, on the high-speed digital computing machines, we shall attempt to publish 
from time to time material along this line and shall not wait until the theory is ex- 
tensively developed before publication of this material. 

Again in Paper 7 (p. 1281) an application to diophantine analysis was given; 
that is, a number of classes of diophantine equations were shown to be impossible 
in rational integers. Also, in a second paper? a connection of Case A with the Fer- 
mat problem was revealed. Jn the present paper we sel wp a number of formulas 
which we shall in later papers use to obtain more definite information about the (7, 7)’s, 
with particular attention to Cases A and B. Hence we try to find, if possible, relations 
and criteria involving only one of the (i, 7). We approach that in the present article 
in the criteria (12) involving in each relation only pairs of (7, 7)’s. 

1. Now consider the relation (1), with the number m, an integer >2. We note 
that 


m ] 4 ae 
~~». pOis x0, 9 
od) = m liifc=0. (2) 


Also, we shall set (7, 7)... = (7, 7)... We then have 


] 


( eel 
>» (b, 2).(b — a,i — d). + A, = 2 (d,2)(d — a,i — b), + Aa, (3) 
7~=Q 


1 0 


where A; = 0 except for a = b =0 (mod c) when it is m, and A, = 0 except when 
a = 0, d=0 (mod c) when A, = m. 
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Assume now that in (3) we have b # 0 and d # 0 (mod c); then A; = As = 0, 
and (3) becomes 


c-— ] ca 1 

> (b, 2)-(b —a,i —d),. = > (d, 2) (d — a, 7 — b),. (4) 

i= 0 2 0 
It seems necessary to divide the discussion into two cases, (¢, m) = m and (ce, m) = 
1. Set c = cm, and let d range over the values d;, d; + m, ...,d,; + (e, — 1)m in 
turn, and add the resulting relations; then, since (cf. Paper 7’, p. 1283, relation 
(13]) 


z. (b, 2).(b — a,i — dy + sm), = (b — a,t — diem, (5) 
i,d 
we have 
a4 
Zz. (b, 7).(b — a,% — diem = z. (d, 27).(d — a,t — b),, (6) 
i 0 i,d 
where 2 ranges over 0, 1, ...,¢ — 1; d over dy + m, dy + 2m, dy + (ey — 1)m. 
Now in this we set 7 = 2,2 +m, ..., (@1 + (4. — 1)m), inturn. The second factor 


on the left is unchanged, and the sum of the other factors is (b, 7)... Hence (6) 
gives Theorem I. 
THEOREM I. Jf b # 0 (mod c), d # 0 (mod c), a arbitrary, 7 = 141, ¢ = em, 


m 1 


2. (b, 2)em(b — a,% — dem = p (d,7)-(d — a,j — b),, ( 
#=0 d 
a OPI eS 


~J 


where d ranges over the values dy, dy + m, dy: + 2m, , (dq, + (: — Lm). The 
above relation also holds for b ¥ 0 (mod c), d= 0 (mod c), a 0 (mod ce). 
Take again relation (3), and set a = b = 0 (mod ¢); then, if d # 0 (mod e), 


1 HE 


é l 

Zz. (0, 2).(0,2 — d). +m = = ta 2} ;7. (8) 

1 0 1 0 
Let d ¥ 0 (mod m); then take d = d,, dy + m, ...,d; + (eq, — 1)m, in turn, and 
add the results; then, since the case d = 0 (mod ce) does not enter to add an m on 
the right, we have, in view of (5), 


> (0, 2).(0,7 — dem te = d (dj), (9) 


1 0 j,d 


where d ranges over all integers 0 < d < c of the form d (mod m) and 7 ranges over 


0, 1, ,¢ — |. By treating 7 as it was treated to obtain (7) from (6), 
> (0, t)em(0,i — Dem te = YD (d, je. (10) 
i 0 j, da 


By taking (8) again and letting d = 0 (mod m) and proceeding exactly as we did to 
obtain (9), we find, noting that for d = 0 we introduce an m on the right, and for 
no other value of d, we find4 

m | 


* (0, tem? +C— m= = (ad 2). (11) 


+= 0 i, d 
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where d now ranges over 0, m, 2m, ..., (¢: — 1)m, with 7 on the right ranging over 
Oe... ra, 

We shall now consider the application of our (7) to the Case A (referred to in our 
Introduction) of (1). Assume that (b, h) = m, with (b, 7) = 0,7 #h<m. The 
left-hand member of (7) reduces, if we assume that a = 0, to 


(b, h)em(b, h — d)em- 
For d # 0 (mod m) the second factor is zero, so the entire left-hand member of (7) 


is zero for a=0 (mod c),d # 0 (mod m). Hence each term in the right-hand mem- 
ber of (7) is zero, or for d # 0 (mod m), b # 0 (mod c) 


(d, j)-(d, j — 6). = 0, (12) 


for any d in the set 0, 1, ...,¢ — 1, not divisible by m, and j any integer in the set 
Bet. er de 

From (3) we obtain, as (7) was obtained, noting that for a =d = 0, b # 0 (mod 
c), Ay = 0 but Ay = min (3), the relation 


m-— 1 — 
> i; 4);,.* = Ee (di, J)c(di, Jj — be +m, (13) 
+=0 
aes 
where now d, ranges over m, 2m, ..., (¢: — 1)m. 


We then have under the assumption of Case A, under the conditions obtaining in 
(13), 


(di, J) (di, 7 — 6), = m? — m. (14) 


iM 


~ 


We may then state Theorem II. 
THEOREM II. Let p be an odd prime and p" = 1 + cm, c = cym. Designate by 
(2, 7) em the number of sets of solutions s, t; 0 << s<m,0<t< ce, of the equation 


g' + cs ie g? + mt = i 


with (0, De = (4, Decs t and j fixed. Also, g is a multiplicative generator of the cyclic 
group formed by the nonzero elements of the finite field Pal of order p". Then (12) 
and (14) hold under the assumptions (b, h)em = m, (b, t)em = 0 for i # h (mod m) 
b # 0 (mod c). 

As noted above, Theorem II is subject to the assumption (m, c) = m. There 
exists an analogue of Theorem II in which the assumption (m, c) = m is replaced 
by (m, c) = 1, but the proof seems more complicated than the proof of Theorem II. 
This result will be considered elsewhere. 

'K. H. Pearson and H. 8. Vandiver, “On a New Problem Concerning Trinomial Congruences 
Involving Rational Integers,’ these PRocEEDINGS, 39, 1278-1285, 1953. This article will be re- 
ferred to as ‘Paper 7’.” 

2H. S. Vandiver, ““New Types of Trionomial Congruence Criteria Applying to Fermat’s Last 
Theorem,” these PRocEEDINGS, 40, 248-252, 1954. 

3H. S. Vandiver, “On Cyclotomy and Extensions of Gaussian Type Quadratic Relations In- 
volving Numbers of Solutions of Conditional Equations in Finite Fields,’ these PRocEEDINGs, 38, 
984, relation (19), 1952. 

* Relation (11) was stated without proof for the first time in Paper 7’ (p. 384, relation [15]). 
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A SECOND GENERALIZATION OF THE FRECHET DISTANCE OF 
TWO CURVES 


By A. J. Warp 
INSTITUTE FOR ADVANCED STUDY 


Communicated by Marston Morse, July 26, 1954 


In a previous paper! I discussed the natural generalization of the Fréchet distance 
of two curves to the case when the curves lie in a space with a nonmetric uniform 
structure and pointed out that the theory applied to generalized curves whose 
parameters ran through any simply ordered set T, compact and connected in its 
natural topology. Since, however, the group of homeomorphisms of T onto itself 
may not be large enough, or easily enough described, to be convenient, it seems more 
appropriate to replace homeomorphism by a process of pairing of corresponding in- 
tervals, thus obtaining a new structure U’* on the space of generalized curves in E. 
We can now allow two curves to have topologically distinct bases and also allow 
these bases to be disconnected. Though the new structure U’* is in general coarser 
than the structure U previously defined, and (as we shall show) not even topologi- 
cally equivalent to it, we can, by means of a modification of the y:-length, prove 
theorems corresponding to those of the previous paper; in particular, we show that 
U'* is a separated structure over the space of all generalized curves with compact 
bases. The restriction of compactness, which will be made throughout, appears to 
be essential to our methods. 

1. The Modified Fréchet Ecarts.—As stated above, we define these by a process 
of pairing of intervals in two simply ordered sets Ty, T. It is convenient to take 
these intervals as semiclosed, but to allow for apparent discontinuities due to the 
possible existence of ‘“gaps’’ in 7) or 7’, we allow some of the intervals to consist of 
single points. For the same reason we consider separately the “last’’ points of 75, 
T in case either should be isolated. 

By a division A of T into intervals /,, we mean that we take a finite set of points 
to <4 <... <t,-1 = t, in T, where to and ¢, are, respectively, the first and last 
points of 7’, and let /,(A) be the set (¢)t,-1 < ¢ < ¢,) if t,_1 <¢t,, but /,(A) contains 
t, (only) if ¢,_; = ¢, (this case always applies if r = n). 

Let ho, h be two generalized curves with representations x = po(t), 4¢ 7) and x = 
p(r), r « T respectively, and V; a vicinity for HE. We define (ho, h) to be in V,;* if 
and only if there exist divisions Ay of Ty, A of 7, with the same value of n, such that 
[po(t), p(7)] is in V; whenever ¢ is in J,(Ao) and 7 in J,(A), r = 1, 2, ...,n. This 
property is clearly invariant under a change to equivalent representations. As be- 
fore,? the sets V;* define a unique uniform structure U*. The Fréchet écarts 
Diy (h, k) are defined analogously to D;i,(h, k). It is easily seen that, if 7, T are 
in fact homeomorphic, then the new definition gives a structure U* at least as 
coarse as U, since the compactness of 7’) and 7 implies that each has a unique 
uniform structure, with respect to which po(t) and p(7) are uniformly continuous. 
If, as we supposed, the vicinities V; are open in FE X EF, we can without great dif- 
ficulty show that V;* > V; (the proof is omitted). If 7) and 7 are both homeo- 
morphic to the real interval 0 < « < 1, then V;* = V;, but, in general, as we shall 
show later by an example, the structure U* may be strictly coarser than U. 
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2. The Modified w,-Length.—Let x« = p(t), te T, be a representation of a gener- 
alized curveh. To allow for gaps in the base 7’, we modify the definition of m,, ;(h) 


as follows: let Ky, Ks, ..., K, be any partition of n — 1 (zeros not allowed), and 
choose any 4, < & < ... <t+:inT. Then let m,, (h) = sup [ min * 
i SrSe 


| p(t,), p(t-+1) | |, Where all possible choices of the K,, t, are considered. It is easily 
seen that, if 7’ is connected, this definition is equivalent to the earlier one, so that no 
confusion can be caused by using the same notation. 
The definition, and development of the properties, of w,, ; and yw», :(é) is almost 
exactly as before, but the proof of continuity now depends on the following lemma. 
LemMa. If 71 < 7o, and 6; = sup fi { p(n), p(t)}, then either 0 < m,, , 
Pa, 


T 


(h, 71) < my, i(h, 72) < 26;, or m,, i(h, 71) < ma, i(h, 72) < m,, i(h, 71) + 6:. 

Here m,, :(h, t) denotes the value obtained by adding the restriction (,,1; < 
in the definition of m,, (A); the inequality m,, ;(h, 4) < m,, i(h, te) is then im- 
mediate. 

Given ¢ > 0, considera division such that é,41 < 72,and min K,~'f;{ p(t,), P(t,+1)¢ = 
d>m,, th, m2) —e« If7 < t, < ts41 < 72, then 


d < Jit plt), plts. )} < 26; 


by the triangle inequality. If é,4; < 7, then m,, (h, 71) 2 dat once. There re- 


mains the case when | <1 <t1, PutkK’ = Kt’ =+4, r= 1,.2)...., sand 
t+, = 7m. Since fi} p(t’), p(tezi} > fil pts), p(te+i)} — 4, we now obtain m,, ; 
(h, T1) > d — 4;. 


Since ¢ is arbitrarily small, the lemma is proved. The proof of the continuity of 
ny i(A, t) and of uy, ;(t) offers no further difficulty. 

We next remark that if, with the notation of section 1, D;*(ho, h) < € and Ag, A 
are divisions such that f;}po(t), p(7)} < e for all ¢ in J,(Ao), 7 in J,(A), then, as in 
Theorem 27.1 (Morse, op. cit.), |Mngs ilo) — Mas i(to)| < 2e whenever to, 7) are in cor- 
responding intervals of Ay, A, respectively. The remarks of section 2 of W on the 
properties of the set u,(7’) still hold good, and the proof of Theorem 1* (Theorem | 
with U'*, D* for U, D) is almost exactly as before. 

3. The Structures U*., U*.— To prove for U* the lemma of section 4 in W, we 
remark that in corresponding divisions Ap, A, according to section 1, it is always 
possible to add more corresponding points both to Ay and to A. We may therefore 
tuke a fixed division Ap of 7) and three corresponding divisions A,, of 7’ such that 


m 


fap {polt), p(r)} <6 


for tin [,(Ao), 7 in I,(Agg), Where a, 8 = Jj, k ork, cori, j. Let a division A of 7’ 
be formed by taking 7, = mid (1,, jx, Tr, xi, Try ig), Where 7,, gg is the rth dividing 
point of Ags. 

If, then, ¢ is any point of J,(A9) in 7) and 7 any point of J,(A) in 7, it is not dif- 
ficult to see that we can choose three points 7,3 in /,(A,), respectively, such that 
r = mid (rj, Tei, T1). Then, if ho(t) is the part of ho given by points <¢in 7), and 
h(r,3) is defined similarly, we have D*,, [ho(t), h(tag) | < 6, and we can apply the 
argument of section 4in W. Thus we have Theorem 2*, analogous to Theorem 2: 
('* and U'*s are topologically equivalent. 


Theorem 3* offers a little more difficulty. As before, if D*i;(ho, h) = 0 for all 
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i, j, we define, for & in To, vo(éo) as the upper bound of 7 in 7 such that ua,, (4) > 
un, (7) for all 2 and show that, if 7 > vo(to), then wp,, )(Co) < wa, (O for ally. Let now 
(ts) be the lower bound of those 7 with up, ;(to) < wa, (7) (all 7): then either 
vo(to) = vr(to) or vo(to) < vi(to), and they are consecutive points in 7’. In the first 
case, we have at once, by continuity, up, ;(4) = un, )vo(to) | In the second ease, 
either 42, un, i{vo(lo)} < uno illo), Or FJ, un, j{er(to)} > Mr j(to), since at least one 
un, 1 Increases when 7 increases. Since D*;;(ho, h) = 0 (all 7, 7), these two inequali- 
ties cannot both occur, for, given any ¢« > 0, there must exist some 7 with | up, :(7) — 
Lnos i(to)| and | uns (7) — un, j(to)| both less than «. Hence one of vo(t), vi(0) satisfies 
un, i(T) = Mr i(to) for all 7. In this way, and making the end-points of 7), 7’ cor- 
respond, we have a |-1 order-preserving mapping of 7) into 7’, r = v(d), say, such 
that un, i{v(d} = uy, (t), all 7, all ¢. As before, since a similar mapping of 7 into 
7, exists, v(7')) must cover 7’; and, applying Theorem 1*, we see again that ho and 
h coincide. 

t. An Example Where U*, U Are Not Topologically Equivalent.—It is easy to 
construct an example of a disconnected base 7) such that U and U™* (restricted to 
curves of base 7) are not topologically equivalent; 7) and # may even be subsets 
of the intervalO < &€< 1. The following example is one with a connected base. 

Let an element ¢ of 7) be an ordered pair (a;, &;) where a, is an ordinal, | < a, < 
w,, and &, a real number, 0 < & < 1, except that, if a, = w:, we allow 0 < & < 1. 
Write (a,£) < (a’,é’) if a< a’, orif a = a’ andé < &’. (7) may be thought of as 
obtained by joining the ordinals from | to w; + 1 by segments, to get a connected 
ordered set.) Let be the space 7) X R™'; thus an element x of HE may be given 
by an ordered triple (az, &, gr), Where a;, é are similar to a;, & above, and g, is a 
real-valued function whose domain is the set of ordinals yn, 1 <9» < @;. We in- 
troduce a family of écarts, which do in fact give the topology of / as the product- 
space above written, as follows: 

We write, if a@ is an ordinal, | < a < w, 


gly, x) = 9.(z,y) ~lifa<ca<ca 


=&ilar<a=a, 
= 1— & a = a< wy 
| ‘~ | “¢ 
= lf — &| Wa = a=a 


= Out a: < a < mOrar< a. < ay; 


and‘ f(a, y) = max |g, (a, y), ly(a) — g,(a)| ]. 

Define the curve hy by the function po(t) = polar, &:) = (ap, Ep, ep), Where ap = 
a, E> = &, gp(n) = O all n, for ay < wi; ap = w1, & = 0, gp(1) = &, gp(n) = 0 
all other n, for a, = w;. (We may say that do runs alorg the 7y-axis of # to w; and 
then has a segment parallel to the first real-number axis.) 

We now define a curve hg for each ordinal 0, | < @ < a, by the function p(t) = 
Poa, 2) = (ap, &>, Gp), Where ap = 1, & = O, op(O + ar) = & — £7, op(n) = O 
for all other n, if a, <1; for a, = wr, & < '/2, pe(t) is an arbitrary homeomorphism 
of this set on to the set given by 1 < ap < 6,0 < & < 1, ¢(n) = 0, all n (itisa 
consequence of the well-known theory of Lebesgue chains that such homeomorph- 
isms exist); while for a; = 0, '/2 < & < 1 we put a, = 0, & = 0, gp(1) = 2& — 1, 
¢p(n) = 0, all other n. (We may say that hy makes @; loops near the initial point of 
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hy, then runs along the 7'y-axis to (@, 0, 0), and then has a final segment parallel to the 
final segment of ho). It is easily seen that, given any a; < ay < ... < a, < w, 
then D*,, as... an, w, (Mo, hg) = Ofor@> a,. On the other hand, in any homeo- 
morphism of the bases of ho, hg, the points (w:, 0) of each base must correspond, 
whence D, (ho, hg) = 1, all a < w. Thus ho is in the closure of the family (hg) with 
respect to ('* but not with respect to U. 

A. J. Ward, “A Generalization of the Fréchet Distance of Two Curves,” these PROCEEDINGs, 
40, 598, 1954. Reference should be made to this paper, referred to as ‘“W,’’ for the notation 
employed. The present paper, like W, was written while the author was in receipt of a Smith- 
Mundt grant. 

2 Le, asin W. 

3 Cf. M. Morse, Topological Methods in the Theory of Functions of a Complex Variable (‘‘Annals 
of Mathematics Studies,’’ No. 15 [Princeton, 1947]), and W. 

‘In fact, foi(r, y) will be zero for all points we actually use in E. 


A NERVE GROWTH-STIMULATING FACTOR ISOLATED FROM 
SARCOMAS 87 AND 180* 


By STantey Conen, Rrra Levi-Monra.cini, AND VIKTOR HAMBURGER 


DEPARTMENT OF ZOOLOGY, WASHINGTON UNIVERSITY 


Communicated June 29, 1954 


A growth-stimulating effect of mouse sarcomas 37 and 180 on the sensory and 
sympathetic ganglia of chick embryos has been reported.' The response of the 
ganglia to the transplantation of the tumor into 3- to 4-day chick embryos is char- 
acterized by a numerical hyperplasia, a cellular hypertrophy, acceleration of dif- 
ferentiation of the ganglia, and an atypical distribution of nerve fibers. The trans- 
plantation of the tumor onto the allantoic membrane? gave evidence for the humoral 
nature of the agent. 

Explantation of the tumor in vitro in close proximity to sensory or sympathetic 
ganglia resulted in an exceptional outgrowth of nerve fibers.’ The parallelism be- 
tween the tumor effects in vivo and in vitro suggested that we are dealing in both 
instances with the same agent. 

We have now found that cell-free homogenates of the tumors can duplicate in 
tissue culture the effect of the actively growing tumor. For the assay procedure, 
hanging-drop preparations were made containing '/; plasma (rooster), '/; chick 
extract (5 per cent extract of 10-day chick embryos), and '/; of the material to be 
tested, Saline was used in the controls. Kach culture contained a sympathetic 
ganglion isolated from a 10-day chick embryo. The cultures were observed after 
18 hours of incubation at 37° C., and the growth of the fibers was semiquantitatively 
recorded from 1+ to 4+ (Pl. I, Figs. 1-4). The assay was sensitive to twofold 
changes in concentration of the active material; smaller changes were not detect- 
able by gross observation of the ganglia. 

Preliminary experiments had shown that extracts of sarcomas 37 and 180, which 
had been grown in the mouse, were almost completely inactive in stimulating the 
growth of nerve fibers, as were extracts of mouse liver and muscle. However, 


















PLATE I 


3 


Frias. 1-4.— Microphotographs of living sympathetic ganglia after 18 hours of incubation, show- 
ing the nerve growth-promoting effect of increasing concentrations of the tumor extract. The 
chloroform-treated nucleoprotein fraction was used, Fig. 1, control; Fig. 2, 0.2 mg/ml (recorded 
as | plus); Fig. 3, 0.4 mg/ml (recorded as 2 plus); Fig. 4, 0.8 mg/ml (recorded as 4 plus). 
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after passage of the sarcomas through the chick embryo, extracts were invariably 
effective. The tumor was then routinely obtained by transplantation into the 
body wall of the 3-day chick embryo. The tumors were allowed to grow for 5-7 
days before they were harvested. 

The intracellular localization of the growth-promoting material was then in- 
vestigated. Ten per cent homogenates of the tumor were prepared in isotonic su- 
crose (0.25 .V, pH 7.4), according to the method of Schneider.t The procedure for 
the isolation of nuclear, mitochondrial, microsomal, and supernatant fractions by ( 
differential centrifugation was followed, with two modifications. The nuclear and 
mitochondrial fractions were washed four times with ‘isotonic sucrose, and the mi- 
crosomal fraction was isolated by centrifugation at 100,000 X g. Each fraction was 
then made up to the original volume of the homogenate and dialyzed against saline a 
before assaying for its activity. The results are shown in Table 1. Practically all 


TABLE | ’ 
INTRACELLULAR LOCALIZATION OF NERVE GROWTH-PROMOTING FACTOR FROM 
SARCOMA 37 AFTER PASSAGE THROUGH CHICK 
Cell Fraction Added Growth of Nerve Fibers Cell Fraction Added Growth of Nerve Fibers 
None - Mitochondria + 
Whole homogenate ++++ Microsomes +++-+ 
Nuclei _ Supernatant - 
the activity resided in the microsomal fraction, which contained approximately |i 
per cent of the dry weight of the original tumor. In some instances the microso- 
mal fraction showed a somewhat greater activity than the original homogenate. : 
The clear reddish pellet of microsomal material may be dispersed in distilled. 
water and the activity completely sedimented by centrifugation at 100,000 x g th 
for 1 hour. However, in slightly alkaline solutions (pH 9-10) some of the activity 
remained in the supernatant fluid after centrifugation. At pH 5.6 all the activity gi 
in the microsome fraction was precipitated; the precipitate could be redispersed at 
pH 7.4. 
The suspension of microsomes in distilled water could be further fractionated by 
the addition of streptomycin, which precipitates highly polymerized nucleic acids 
and nucleoproteins.’ Streptomycin sulfate (from stock 0.2 M solution, pH 7.2) 
was added to a final concentration of 0.02 M. The mixture was allowed to stand ( 
for two hours in the cold and then centrifuged for 5 minutes at 8,500 K g. The n 
clear reddish supernatant (containing home-proteins) showed no absorption \ 
peak at 260 my and no nerve growth-promoting activity. The precipitated t! 
streptomycin-nucleoprotein complex was dispersed in a solution containing 0.2 M ci 
sodium bicarbonate and 0.2 M sodium chloride. The streptomycin was then re- ti 
moved by dialysis for 24 hours against 0.2 ./ sodium bicarbonate and, finally, 24 5 
hours against distilled water. This fraction, containing all the microsomal nucleic t] 
acid, possessed practically all the activity of the whole homogenate. The ratio of 7 


the absorption peak at 260 my to that at 280 my was 1.61. 
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PLATE II 





Fics. 5-8.—Microphotographs of silver-impregnated sensory ganglia, comparing the effect of 
the intact tumor with the growth-stimulating effect of the cell-free extract of the same time. Fig. 
5, control lumbar ganglion of 7-day embryo combined with heart of check embryo (C); Fig. 6, 
ganglion combined with two fragments of sarcoma 37 (S); Fig. 7, control ganglion; Fig. 8, ganglion 
growing in a medium to which the cell-free extract of the tumor was added. 


One volume of chloroform was added to 10 volumes of the nucleoprotein solution 
(in distilled water). After gentle mixing by inversion for 10 minutes, the resulting 
milky suspension was centrifuged at 8500 X g for 5 minutes, and the clear, some- 
what opalescent, supernatant fluid was found to contain from 50 to 100 per cent of 
the original activity. The solution showed a typical nucleoprotein absorption 
curve, with a peak at 260 my and a 260 to 280 my absorption ratio of 1.78. The ac- 
tive material was heat-labile; the activity was completely destroyed by heating for 
5 minutes at 80° C. The material was nondialyzable. When adjusted to pH 9-10, 
the activity no longer was sedimented in the ultracentrifuge (1 hour at 100,000 X g). 
This soluble active material could again be precipitated with streptomycin. Our 
purest preparation contained approximately 3 per cent of the dry weight of the 
original tumor. It was found to contain 66 per cent protein (as determined by the 
procedure of Lowry e¢ al.,° using bovine albumin as a standard), 26 per cent ribose- 
nucleic acid (determined by the oricinol procedure,’ using adenosine as a stand- 
ard) and less than 0.3 per cent desoxyribosenucleic acid (determined by the dipheny]- 
amine reaction,’ using desoxyribose as a standard). 
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The nerve growth-stimulating effects of the intact tumor, when growing in close 
proximity to a sensory ganglion, are compared in Plate II, Figures 5-8, with the 
growth-stimulating effects of extracts obtained from these tumors. 

Our investigations are now directed toward (a) the further elucidation of the 
nature of the active material, (b) the duplication of the effect of the growing tumor 
in the living embryo with the active material isolated from the tumors, and (c) an 
examination of the metabolic response of the nerve cells under the influence of the 
growth-promoting agent. 

* This work has been supported in part by a grant from the National Institutes of Health of the 
United States Public Health Service. _A preliminary report was presented at the forty-fifth an- 
nual meeting of the American Association for Cancer Research at Atlantic City, April, 1954. 

1 KE. D. Bueker, Anat. Record, 102, 369-390, 1948; R. Levi-Montalcini and V. Hamburger, J. 
Exptl. Zool., 116, 321-362, 1951; R. Levi-Montalcini, Ann. N.Y. Acad. Sci., 55, 330-343, 1952. 

2 R. Levi-Montalcini and V. Hamburger, J. Exptl. Zool., 123, 233-288, 1953. 

3 R. Levi-Montalcini, H. Meyer, and V. Hamburger, Cancer Research, 14, 49-57, 1954. 

*W.C. Schneider, J. Biol. Chem., 176, 259-266, 1948. 

5§. S. Cohen, J. Biol. Chem., 168, 511-526, 1947; H. Von Euler and L. Heller, Arkiv Kemi, 
26A, No. 10, 1-16, 1948; R. J. Kutsky, Proc. Soc. Exptl. Biol. Med., 83, 390-395, 1948. 

6 Q. H. Lowry, N. J. Rosebrough, A. L. Farr, and R. J. Randall, J. Biol. Chem., 193, 265-275 
1951. 

7W. C. Schneider, J. Biol. Chem., 161, 293-303, 1945. 


ON TEMPERATURE INDEPENDENCE IN THE CLOCK SYSTEM 
CONTROLLING EMERGENCE TIME IN DROSOPHILA* + 
By Coin 8. PrrreENDRIGH 
DEPARTMENT OF BIOLOGY, PRINCETON UNIVERSITY 
Communicated by E. N. Harvey, August 16, 1954 


Clocks, processes measuring absolute time, occur in living organisms. Recently 
they have attracted interest, especially following the demonstration by Kramer! and 
Pardi and Papi? of the celestial navigation performed by birds and amphipods. 
The present paper is concerned with the clock system controlling the time at which 
Drosophila adults emerge from puparia. The timing of this event has attracted 
several earlier workers, especially Kalmus* * ° and Biinning.6 Kalmus’ account 
of the temperature relations of the Drosophila clock, which is not confirmed here, 
formed an essential foundation for the present study and led to its being undertaken. 

The temperature relations of organic clocks are of obvious interest. If a clock is 
to provide information involved in controlling important functions, then clearly it 
must be reasonably reliable. Attention is then focused on how reliable timing can 
be effected by poikilotherms, like gammarids and flies, in natural environments 
that are characterized by violent daily temperature variations. A temperature- 
dependent clock will guarantee only mistiming. Unlikely as it may seem on physi- 
cal grounds, the biological prerequisite of temperature independence has been 
achieved by poikilotherms. This was shown more than twenty years ago, in a 
classical study of the bee’s “‘time-sense,’’ by Wahl.?7 Much more recently, Brown’ 
has demonstrated temperature independence in the clocks controlling daily and 
tidal periodicities in Uca and Venus. 
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On the basis of two brief and data-less papers by Kalmus‘ *® the Drosophila case 
has stood out as one in which the clock system is temperature dependent. Experi- 
ments described here were undertaken to confirm Kalmus’ account. The results 
indicate a more complex system than he suggested: part of it is, as Kalmus noted, 
temperature dependent and subject to regulation, though not in the way he claimed; 
but an all-important part of the system, previously overlooked, is essentially tem- 
perature independent. 

Methods.—Data given here were all obtained using a single strain of Drosophila 
pseudoobscura Sturtevant collected in 1950 from Mather, California, in the Sierra 
Nevada, by Professor Th. Dobzhansky. Cultures were raised under constant- 
temperature conditions at 16°, 21°, or 26° C. In some experiments, specified 
below, they were raised under naturally fluctuating temperatures. Population den- 
sity was controlled by using five pairs of parents of specified age limits, left to ovi- 
posit 48 hours in a vial before transfer to a fresh vial. Conditions of alternating 
light (12 hours) and darkness (12 hours), hereafter specified as ‘‘LD’’ conditions, 
were obtained with fluorescent lamps, controlled by a time switch. Throughout 
this paper “‘dawn”’ is used to designate the dark-light transition in a natural or ex- 
perimental culture. Some cultures were maintained in constant darkness, here- 
after specified as “‘DD.’’ When the cultures were ready to pupate, a short strip of 
cylindrical cotton dental plug was introduced into the vial. Virtually all pupation 
took place on the tip of this plug, which was then removed from the vial and clipped 
into a canister that held twenty such plugs. The canister was closed with a stop- 
pered funnel of either lucite or aluminum, according to the light conditions to be 
administered. It is emphasized that in all these experiments the light schedule was 
rigorously observed. All manipulations were performed in absolute darkness when 
they fell in the dark period. The canisters have several advantages: they permit 
observation of eclosion time (by inverting and shaking out flies through the funnel) 
in twenty cultures simultaneously; falling food is avoided; and in a given experi- 
ment twenty such canisters may be handled with effective simultaneity, so that the 
huge number of flies permits a precise estimate of the timed event. 

Pattern of Emergence under LD Conditions.—Figure 1 (A, B, and C) shows the dis- 
tribution of emergence in LD cultures, maintained at three temperatures and ob- 
served hourly. The emergence activity of a culture is quantized: it occurs in bursts 
in the hours following dawn. It is inhibited throughout those hours of the late 
morning and afternoon that are in nature the hottest and driest (Fig. 2). There is, 
then, a 24-hour rhythm of emergence, no matter what the temperature conditions 
are. The adaptive significance of restricting the allowed period for emergence ac- 
tivity to the coldest and wettest hours of the day is clear enough: emerging flies 
lose water at a rate at least double that of mature flies and fail to expand their wings 
properly when the humidity is too low. 

The envelope of all the daily spikes forms a distribution, skewed to the right, 
spreading over several days, the number of which depends on the temperature. 
The precise shape of each spike is a function of its position in the envelope; the ear- 
liest peak is skewed to the left, later peaks to the right (Fig. 3). The general shape 
of peaks differs, moreover, at the three temperatures; the distributions are in 
general skewed more to the right at the higher temperatures. 

Explanation of the changing shape of peaks within the envelope is developed in a 
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Fig. 1.—The daily rhythm of eclosion. A 
(26° C.; total flies = 7,962), B (21° C.; total 
flies = 9,181), and C (16° C.; total flies = 
6,209) are from cultures maintained throughout 
their development under LD conditions, as 
indicated by the light regime represented under 
C. D (26° C.; 4,935 flies), H (21° C.; 10,826 
flies), and F (16° C.; 12,074 flies) are from 
cultures transferred, without temperature 
change, from LD to DD, as indicated by the 
light regime bar under F. G shows the aperiodic 
distribution of eclosion that is seen in cultures 
raised in DD conditions. 
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Fic. 2.—The — emergence 
rhythm under natural conditions 
for five consecutive days. Half 
the cultures were exposed 
throughout their life to the daily 
cycle of light and dark (LD), and 
half were transferred at the time 
they pupated to constant dark- 
ness (DD) until they eclosed. 
The number on each temperature 
curve applies to the 24-hour 
period the temperature of which 
significantly affects the corre- 
spondingly numbered eclosion 
peak. As shown in the text, 
this is the previous 24 hours. 
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later section. Here it is noted that this circumstance raises difficulties in selecting a 
single statistic representative of the time of a given emergence burst. Means and 
modes, but especially the former, shift with culture age in a way that is almost 
certainly not a function of the timing system that we wish to characterize. This 
mensuration problem is not pursued further here. For present purposes the modal 
hour is used to define the time of the peak. 

Demonstration or the Endogenous Clock.—The fact that control of the 24-hour 
rhythm involves an endogenous clock can be shown by five types of observation: 
(1) Persistence in DD: Figures 1 (D, E, and F), and 2 show that rhythms in cultures 
reared in LD under four different temperature regimes persist when the cultures are 
transferred to DD without changing the temperature regime. In all four cases, no 
precisely periodic variable is known to continue in DD in such a way as to act as an 
exogenous signal for the persisting rhythm. This observation is not in itself critical. 
The objection has properly been raised by earlier workers that periodic physical 
variables like air ionization might persist and be responsible for control of the 
rhythm. (2) Resetting and inversion of the rhythm: ‘The plausibility of such criti- 
cisms is reduced but not fully eliminated by the fact that the cycle of emergence ac- 
tivity can be completely inverted by detection and experi- 
mental use of the physical variable normally acting as ref- —%émersence 
erence point for the organism. In the case of fly emer- Aster OA) oe 
gence this is the dark-to-light transition at dawn:' when 46 samo | Lo 
the length of the light phase in LD conditions is changed 
to, e.g., 6 hours light (18 hours dark), the position of the " 
emergence peak remains fixed relative to the dark-light 
transition rather than to the light-dark transition. In the an 
laboratory emergence can be placed at any clock hour de- HOURS SINCE DAWN 
sired simply by subjecting the culture to a single experience Fic.  3.—Emergence 
of dark-to-light transition. In Princeton we have had peaks from the first, sec- 







Sn aie i : . A ond, and last day of the 
rhythms persisting in DD following the experimental 4 
establishment of ‘‘dawns’’ at the following clock hours 


culture given in Fig. 1, B, 
to show how the distribu- 
tion skews progressively 





(EST): 02:00, 06:00, 08:00, 09:00, 10:00, 11:00, 12:00, to the right with culture 
13:00, 14:00, 15:00, 16:00, and 22:00. Cultures estab-  28e- 

lished with dawns on one clock schedule can, moreover, 

be completely reset to a new schedule by a single experience of dawn at a new time 
(unpublished data). (3) Initiation of rhythms in aperiodic cultures: Cultures 
raised from eggs in DD show no emergence rhythm but can be made to develop one 
by a single light shock,® * ° as in Figure 5. This is perhaps the most. remarkable 
single feature of the entire system. Larvae, emerging from eggs that have not 
experienced a 24-hour periodicity of any signal, immediately start measuring off 
such intervals following experience of a single unrepeated event corresponding with 
the reference point for the cycle in nature.” As in resetting experiments (see 2 
above), the experimental reference point can be placed at any clock hour. (4) 
Loss of time under hypoxia: The clock may be stopped by hypoxia. A culture 
was subjected to 15 hours of nitrogen, supplied (with the usual traces of oxygen) 
from a commercial tank. The first peak following treatment was delayed 15 
hours. Time was lost corresponding precisely with the time during which me- 
tabolism was effectively stopped. The second peak, however, was delayed only 10 
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hours; and the second, third, and fourth peaks showed an entirely new cycle of 
24-hour periodicity, 10 hours out of phase with the first. It will be seen later, 
after discussion of temperature effects, that the differential response to hypoxia 
that exists between the first and all subsequent peaks following treatment is highly 
significant.!! (5) Evidence of a Qi greater than 1.0: Figure 1 (D, E, and F) shows 
that the rhythms initiated at 16°, 21°, and 26° C. under LD conditions show a 
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Fic. 4.—See text for explanation. PC = primary clock measurement; TC = terminal clock: 
AP = allowed period; FP = forbidden period. 

















very slight though real temperature sensitivity when they are left to persist in DD 
conditions.'? The unmonitored rhythm in DD at 26° C. is 24 hours, and at 16° 
it is 24.5 hours. Thus the Qi is about 1.02 over this range. Were the rhythm 
monitored by some uncontrolled aspect of the 24-hour cycle of physical change, the 
Q1o would be 1.00. 
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In view of the above facts, especially the last two, no doubt remains as to the 
endogenous or metabolic nature of the timing control system. 

Synchronization of Emergency by an Enforced Waiting Pertod.—In all experi- 
mental cultures the eggs are laid within a 2-day period, yet emergence activity, 
commencing about 17 days later, is spread over a period of up to 8 days, depending 
on various conditions, especially temperature. It is obvious that all the individual 
flies ina culture population are by no means synchronized in development through- 
out their entire history: some de- 
velop much slower than others, and 


Ie Aa 21° ConTa@on 


yet, when they emerge, the popula- 
tion variance in development time 
is partitioned into quantized packets 
24 hours apart. 

It isa matter of definition that the 
endogenous clock ultimately. controls 
this partitioning of the population 
into groups of flies effectively syn- 





chronized in the time of day chosen 
for the final act of eclosion. It is 
necessary to distinguish, therefore, 
between synchronization of develop- 
mental stages (which clearly does not 
exist in the culture as a whole) and 
synchronization of clocks providing 
information for the control of the final 
eclosion act. 

The precise shape of the daily burst 
of emergence activity, and especially 





the way this shape changes with cul- 
ture age, are striking phenomena || 





shown for the first time in the data ‘ ; ; 
. Fic. 5.—The induction of 24-hour rhythms 


given here. They strongly suggest by unrepeated stimuli (4 hours of light) applied 
that synchronization of development to cultures raised in constant darkness. The 
‘ : : : 2 : bars below C and H indicate the time of the 
is accomplished late in the history of stimulus. Temperature conditions — before, 
the individual fly by the enforcement during, and after the light treatment are indi- 

, ages nap ; cated. F shows a rhythm induced in 16° cul- 
daily of a period that is forbidden tures by exposure to 4 hours at 26° C. without 
either for emergencev itself or for . light being shown. A is the control culture. 
either for emergencey itself or for the The time (EST) of the light shock is different 
initiation of processes leading up to it in each experiment. 


(see below). Suppose the 24-hour pe- 

riod to be partitioned, by means of information from the endogenous clock, into a rel- 
atively short allowed period (the data suggest 6 hours or less) and a long (18-hour) 
forbidden period. Flies that happen to be ready for emergence within the short 
allowed period emerge without further delay. However, flies becoming ready for 
emergence at random times within the forbidden period are required to wait onset 
of the next allowed period. Such a model, entirely formal as it is, explains three 
major facts: (1) it explains how effective synchronization within daily periods of 6 
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hours is accomplished among individuals whose development rates show in other 
respects the variance of a nearly normal distribution spread over 8 days; (2) it 
explains the way the peak is skewed heavily to the right within each allowed period 
(this is due to the fact that at the beginning of the short allowed period the bulk 
of the emerging flies have long since been ready and emerge immediately on re- 
moval of restraint); and (3), most significantly, the model also predicts the way in 
which the shape of the daily peak is observed to change with culture age. Each 
emergence peak consists of two fractions: AP is the fraction composed of flies whose 
completed development falls by chance within the allowed period; FP is the frac- 
tion of flies whose completed development fell within the preceding forbidden 
period and were required to wait. For each culture there will be only one day when 
AP/FP is large, viz., the first day of emergence, containing the fastest flies in the 
culture. In this case the emergence peak should be either normally distributed 
within the allowed period or even skewed to the left, and this is precisely what 
is observed (Fig. 3). As the culture becomes older, AP/FP should become pro- 
gressively smaller and the skew to the right should increase, which, again, is what is 
observed (Fig. 3). 

The utility of this model for explanation of peak shapes leads to its adoption 
here, but data on temperature effects, to be discussed now, indicate that the restraint 
exercised in the forbidden period is not on the act of actual eclosion itself but rather 
on the initiation of special processes involved in the measurement of the last 24 
hours prior to eclosion. 

Temperature Relations of the Clock System.—When cultures raised in LD conditions 
at 26°, 21°, and 16° C. are transferred without temperature change to DD condi- 
tions, they show persisting rhythms, the periodicity of which is to all intents and 
purposes 24 hours. The slight Qio for the interval 16°—26° is certainly significant for 
the elimination of exogenous control, but it is primarily remarkable for its small size. 
The only certain departure from 24 hours, moreover, is in the 16° cultures, and 16° 
is the greatest departure from the optimal temperature of the species (about 22° C.). 
The timing system, to this extent, satisfies the prerequisite for adaptive utility of 
being nearly independent of temperature; but, as in the bee,” '* the independence 
has its limits, and the limits are those within which natural selection for it has oper- 
ated. The half-hour lengthening of the periodicity at 16° C. in DD is ignored, for 
simplicity of expression, in the remaining discussion, and, when reference is made to 
temperature independence, it is with the implicit understanding that the Qu, 
for the 16°—26° C. interval is, in fact, about 1.02 rather than 1.00. 

There are, however, other temperature effects which at first sight raise severe 
difficulties for the view of temperature independence, even to the extent and within 
the limits indicated above. These were first observed by Kalmus, although, as 
will become evident, his observation did not cover one critical fact. He main- 
tained* ® that, when an LD culture at high temperature (say 26° in our work) 
was transferred to DD and the temperature was simultaneously dropped (say to 
16° C.), then the periodicity lengthened, and, conversely, that transfer from low- 
temperature LD to high-temperature DD elicited a much-shortened periodicity. 

From this position, based, evidently, on observation of only the first peak fol- 
lowing the temperature change, Kalmus sought to develop explanations** of the 
way the rhythms persist at 24 hours in DD, whether temperature is high or low, 
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provided that it is not changed on transfer to DD (Fig. 1, D, KE, and F). And he 
attempted to develop these explanations on the basis that the processes involved 
in the clock system were fundamentally temperature dependent, “obeying van’t 
Hoff’s rule.’”’ His 1940 papers involve two lines of explanation. In one‘ he dis- 
cusses the phenomena in Semon’s terms of biological ‘“‘memory’’; thus the fly learns 
the interval between dawns as a “subjective time”’ which is imprinted on a recording 
system that he compares to a gramophone record, the speed of which is tempera- 
ture sensitive. When the record is replayed, and thus acts as a clock, at a dif- 
ferent temperature without benefit of external signals (dawns), the ‘subjective 
time’ lengths or shortens according to the temperature change. 

Figure +A shows results from two replicate experiments of the type which led 
Kalmus to the view outlined above. A 26°—16° C. drop accompanies the LD to 
DD transfer.'* The replicates indicate the precision of the phenomena concerned. 
The temperature drop certainly results in a prolonged delay (12 hours in this case) 
of the first subsequent peak (peak C' in the figure). But this error does not persist. 
a fact evidently overlooked by Kalmus: the whole system reverts immediately to a 
periodicity that is essentially 24 hours and, what is more, a periodicity only 3 
hours out of phase with that obtaining before the temperature shock." 

Without any external signals, the flies emerging in peaks D, L, F, and G (Fig. 44) 
after the temperature shock have good information on the length of a day and fair 
information on the position of the previously established dawn, in spite of the 10° 
change that has occurred since the last exogenous information was received on 
either of these items. Their information is endogenously derived and must be 
received from a system that is therefore in some sense a temperature-independent 
clock. It is only the flies emerging in peak C' whose timing is seriously affected by 
the precipitous temperature change. In other words, temperature sensitivity 
is restricted to the terminal measurement of 24 hours immediately prior to eclosion: 
the flies in peak C' were the only ones measuring the last 24 hours of pupal life when 
the temperature drop occurred. All available data, including some to be discussed 
separately later, demand this strong distinction between the temperature character- 
istics of the terminal measurement of 24 hours and all those which precede it. 

The existence of a temperature-insensitive clock as a piece of inherited physio- 
logical machinery, absolutely independent of any ontogenetic learning process, 
is demanded unequivocally by the experiments in which 24-hour rhythms are 
elicited at 26°, 21°, or 16° C. by single light or temperature shocks imposed on 
cultures raised in DD conditions and completely aperiodic prior to the single 
stimulus. These experiments (Fig. 5) have already been noted.'® Kalmus re- 
ported the induction of rhythms by single stimuli and developed a second line of ex- 
planation for their interpretation. Again viewing the clock system as fundament- 
ally temperature dependent, he supposed® that quasi-independence (exemplified 
by the present Fig. 1, D, #, and /’) was achieved by operation of temperature regu- 
lators set at dawn. These regulators, he maintained, could only be set during 
the illuminated period immediately following dawn (i.e., their “setting’’ was light 
dependent), and their adjustment was made in anticipation of temperature condi- 
tions throughout the ensuing 24 hours corresponding with those perceived at the 
dawn period. He did not clarify how, in nature, the fly related temperature per- 
ceived at dawn to the shape and height of the temperature curve in the ensuing 24 
hours. 
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It is unnecessary to dwell on the formal inadequacy of Kalmus’ scheme, since the 
facts do not fit it. It will be observed from Figure 5 that no matter what the tem- 
perature is (16°, 21°, or 26°) before, during, or after the light stimulus, the perio- 
dicity elicited is 24 hours (cf. Kalmus, Nature, 145, 72, 1940). 

In brief, then, the experiments with single stimulations (Fig. 5) eliminate not only 
any form of an ontogenetic memory hypothesis but also any other (such as Kalmus’ 
second line of explanation) which avoids invoking some form of temperature-inde- 
pendent time measurement on the part of the fly. 

A New Model for the Clock System in Drosophila.—The crux of the whole situa- 
tion is the distinction, already made here for the first time, between the terminal 
measurement of 24 hours, immediately prior to eclosion, and all those that precede it 
in the earlier history of the fly. Kalmus’ important discovery of extreme tempera- 
ture sensitivity in the system applies only to the terminal measurement, as shown by 
Fig. 4A. 

The terminal measurement is unique not only in its temperature dependence but 
also in its differential oxygen sensitivity, and the conclusion is at the very least 
suggested that it involves physiological processes distinct from those involved in the 
earlier measurements.” It is therefore convenient to speak of a “terminal clock”’ 
comprising temperature-sensitive events occupying (when properly ‘“adjusted’’) 
the 24 hours immediately prior to eclosion, and to distinguish this from a ‘‘primary 
clock’’ (temperature insensitive within ecological limits) that measures throughout 
the development of the fly 24-hour intervals between reference points in phase with 
the last-seen dawn. 

No attempt will be made here to develop a complete scheme for the entire sys- 
tem. ‘The purpose of this paper has been to present those facts that indicate the 
existence of a temperature-independent component in the timing system, and it only 
remains to indicate present understanding of the way the two clocks, defined above, 
are related in ultimate control of emergence time. 

Previous discussion of the existence of allowed and forbidden periods within the 
24-hour cycle was entirely formal and left open the question as to precisely what 
event it is that suffers an enforced wait during the forbidden period. The simplest 
hypothesis is that it is the brief event (minutes) of eclosion itself. This is unac- 
ceptable for two reasons: first, it leaves unexplained the major fact of temperature 
sensitivity in the terminal measurement; second, it would follow from this hypoth- 
esis that flies completing development at random times throughout the forbidden 
period would not achieve synchronization until the very last moment coincident 
with the removal of restraint at the onset of the allowed period of the very day on 
which they emerge. This is not the case. Flies whose eclosion is advanced or de- 
layed (Fig. 44) by a precipitous temperature change are nevertheless synchronized 
when they do eclose, even though this is not coincident with the onset of an allowed 
period defined by the primary clock. It follows, therefore, that the synchronization 
of final development is achieved before the ultimate act of eclosion itself. 

The distinctness of the terminal clock, which is assumed to be a unique event, 
invites the hypothesis that it is initiation of this process that is synchronized by an 
enforced wait. On this view, all the flies in a culture are synchronized in their 
earlier history only with respect to information from their primary clock and are not 
synchronized in their developmental stages until the point is reached at which they 
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are ready for the processes involved in the terminal clock measurement (TC). 
Their development finally becomes synchronized only in the last 24 hours, since to 
initiate TC they must await onset of an allowed period defined by primary 
clocks previously synchronized by exposure to a common dawn. 

This model is represented schematically in Figure 4B, which interprets clock 
control of the peaks in Figure 4A. Consider the history of flies in peak FH: 
having once seen dawn as a reference point (dawn A in Fig. 4A), the primary clock 
measures intervals that are very nearly 24 hours" throughout the remaining days of 
development, in spite of the temperature change, and defines the forbidden period 
between dawns C and D during which flies otherwise ready are prevented from 
initiation of TC which takes place at dawn D. This terminal measurement, al- 
though temperature sensitive, is, in fact, adjusted to take approximately 24 hours 
for completion at dawn EF, given 16° C., which was the temperature obtaining 
during the previous 24 hours. ‘The same account applies for peak C’, but in this 
case temperature adjustment on the terminal process was made in anticipation of the 
prior conditions of 26° C. The fact that the temperature was then dropped to 16° 
accounts for the 12-hour delay of the terminal measurement controlling peak C. 

Regulation of the Temperature-sensitive Terminal Measurement.—This discussion 
began by noting that near-independence of temperature must surely be a pre- 
requisite for a useful organic clock. Re-examination of the situation in Drosophila 
reveals the anticipated temperature-independent clock but finishes with the per- 
plexing conclusion that the all-important terminal measurement of 24 hours is 
timed by a process that is conspicuously temperature sensitive. This situation is 
not quite so paradoxical as it may seem, for the two following reasons. 

1. The terminal measurement, although certainly temperature sensitive, is 
subject to regulation of some kind. Discussion, even formal, of how it is regulated 
would require more data than can be handled here. Evidence on hand conforms 
with the view that the terminal measurement is initially adjusted in anticipation 
of an area under the ensuing 24-hour temperature curve comparable with that ex- 
perienced during the previous 24 hours. As the weatherman knows, this is a rea- 
sonable gamble. And in noting that such a system still permits “ 
peak C in Figure 4A (which falls in the normally hot, dry portion of the day), there 
is an important point to bear in mind. The fly has evolved in relation to condi- 
tions that never confront it with consecutive days whose temperature regimes are 
the equivalent of 24 hours at 26° C. and 24 hours at 16° C. 

It is necessary to emphasize only one further point in connection with adjust- 
ment of the terminal measurement. No matter how the regulation is effected in a 
concrete physiological sense, it is a logical necessity that the fly must possess, as 
part of its regulatory equipment, the equivalent of a temperature-insensitive time- 
piece to act as reference in effecting the adjustments manifested by peaks D, HE, F, 
and G in Figure 4A. 

2. In nature light is presumably seen at each dawn, and under these conditions 
even the “unnatural’’ precipitous temperature drops employed in our experiments 
do not have the inadaptive consequence of placing emergence in the usually hot, 
dry second half of the day. Figure 4C suggests that, when light is seen at dawn, 
the allowed period for emergence is more rigorously defined than when it is en- 
trusted to definition by the endogenous clocks alone, and it shows that delayed 
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peaks falling within the later part of the day are reinhibited and required to await 
the following dawn. 


* This work was supported with funds from the Eugene Higgins Trust allocated to Princeton 
University. 

+ Experiments on 24-hour rhythms involve great labor, since continuous hourly observation is 
demanded over a period of several days. The experiments discussed in this paper would have been 
impossible without careful and cheerful assistance from the following undergraduate students: 
J. Angelo, W. Schlaepfer, H. Zehner, L. Brower, L. Parry, D. Trend, and E. Merrifield. It is a 
pleasure to acknowledge their help and interest. I have also benefited very greatly from discus- 
sion with J. E. Burchard and R. Levey. 
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® Light is not the only factor which can set the clocks in DD cultures. 5° and 10° temperature 
shocks can also do this (Fig. 5) (ef. Kalmus, Vature, 145, 72, 1940, to the contrary). But it ap- 
pears that temperature cannot reset clocks once established in an LD regime. The facts here are 
complex and will be discussed elsewhere. 

In the case of DD cultures which shift from aperiodic to periodic activity, following single 
stimuli, the question arises whether these single stimuli initiate clocks in all individuals or simply 
reset clocks, formerly out of phase, into a condition of synchrony. These alternatives cannot be 
resolved with present techniques in Drosophila, where the periodicity can be measured as a func- 
tion only of the population and not of the individual. We are inclined, however, to favor the 
view that aperiodic cultures represent populations of individuals whose clocks are already running 
and are merely out of phase. Cases in the literature where periodism in DD is eventually lost. all 
involve populations; the longest-enduring periodicities in DD that have been published (F. E. 
Lutz, Am. Museum Novitates, No. 550, 1932, and O. Park, Ecoology, 16, 152, 1935) are based 
on the study of individuals. 

'! Kalmus (Biologia generalis, 11, 93, 1935) first performed an experiment of this type. He re- 
ported delay of only the first peak following the treatment. In view of the model presented 
in this paper, it is clear that critical demonstration of stopping the principal 24-hour measuring 
device depends on the delay, shown here, of the second and subsequent peaks. 

2 Tt will be noted from Fig. 1 (D, EZ, and F’) that on the first day of DD condition (following 
transfer from LD) the peak is slightly delayed. Evidently the normal onset of light in the morn- 
ing acts as a supplementary stimulus to eclosion in those flies that are ready. This boosting 
action of light is also very clear in Fig. 5, where the 4-hour light stimulus applied to DD cultures 
has two effects: (1) it synchronizes the clocks in flies still a long way from eclosion; but (2) it also 
promotes an immediate burst of eclosion in flies almost ready. Notice also how, in Fig. 4C, the 
light at dawn D spectacularly stimulates the flies belonging to the reinhibited peak C. 

'8 H. Kalmus, Z. vergleich. Physicl., 20, 405, 1933-1934. 

‘4 The reciprocal experiment, viz., a 16°-26° C. temperature rise accompanying LD to DD 
transfer (as well as many other different temperature shifts) have been carried out in this study. 
The 16°—26° change elicits an advance of only the first peak following treatment; as in the 26°-16° 
experiment, all subsequent peaks fall into a normal 24-hour periodicity in phase with the original. 
For brevity, the rest of this paper is based only on the experiment involving the 26°-16° drop, but 
all arguments based on it are fully supported by the other experiments. Indeed, it is noteworthy 
that experiments involving a temperature rise, as from 16° to 26°, show even less of a disturbance 
on both primary and terminal clocks (see later discussion in text) than do those involving the 26° 
16° drop. This asymmetry of the temperature effect is curious and unexplained. Experiments 
involving temperature drops rather than rises are useful simply because the exaggeration of the 
temperature effect facilitates its detection. 
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> The single measurement by the primary clock of the period between dawns B and C (Figs. 
tA and 4B) was, by inference from the position of peak D, 3 hours slow. Peak D can be dis- 
placed by light shocks given in the neighborhood of dawn C. This technique has permitted 
verification of the fact that the primary clock’s reference point corresponding with dawn C is, 
in fact, 3 hours late: light shocks given at this hour do not displace peak D, but, if given 1, 2, or 3 
hours later, they displace the peak correspondingly 1, 2, or 3 hours to the right. Other evidence 
indicates that this temperature sensitivity of the primary clock is restricted to virtually instan- 
taneous changes greater than 5° C. and is considerably greater near the reference point (dawn 
equivalent) than elsewhere in the cycle. 

‘6 Tt is remarkable that the first peak in these experiments comes about 18 hours after the light 
shock. The significance of this is not clear, and the scheme presented later in this paper does not 
explain it. Several features of our data suggest the fractionation of the 24-hour cycle into 6- and 
18-hour components. 

7 The possibility that the terminal measurement is a function of the same clock that measures 
the earlier 24-hour periods has, of course, been given careful consideration. An attempt has been 
made to explain the characteristic temperature sensitivity of the terminal measurement in terms 
of the well-known physiological effect of temperature overshoots and undershoots (cf. F. J. Ryan, 
J. Exptl. Zoél., 88, 24, 1941). . This approach has been rejected, since it does not explain several 
features of the experiments shown in Fig. 4 and others to be discussed at a later time, when the 
possibility will be given more explicit treatment. 
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